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1.0 OBJECTIVES:  After studying this unit, you should be able to: 

 Describe the use of animal models in scientific research studies. 

  Analyze various factors that influence the suitability of an organism/cell/plant as a 

suitable model. 

 Explain the use of genetically engineered animals in experimental Science. 

 Understand the advantages and disadvantages of using prokaryotes and eukaryote 

models. 

 Explain culturing of cells and the importance of plants and viruses which serve as 

models. 

 

1.1 INTRODUCTION:  

Most of our basic knowledge of human biochemistry, physiology, endocrinology, and 

pharmacology has been derived from initial studies of mechanisms in animal models.  

Throughout history, scientists have performed experiments on animals with the aim of 

obtaining knowledge of animal and human biological structure and function (see, e.g., Held; 

Loew). Often such studies have not been and are not possible in the human. This may be due 

to ethical or religious considerations, but often practical, economic, and scientific reasons 

make initial studies in animals the best solution to studies of a biological phenomenon. 

Laboratory animal science may be defined as the study of the scientific, ethical, and legal use 

of animals in biomedical research, that is, a multidisciplinary field encompassing biological 

and pathobiological specialties for the optimal scientific use of animals as models for humans 

or other species. Basic laboratory animal science is concerned with the quality of animals as 

sentient tools in biomedical research. It encompasses comparative biology of laboratory 

animals, technical aspects of breeding, housing and husbandry, anaesthesia, euthanasia, and 

experimental techniques. Laboratory animal medicine is a veterinary specialty, focusing on 

the diagnosis, treatment, and prevention of diseases in animals used as subjects in biomedical 

activities. High-quality animals and animal care ensure the highest possible health and 

welfare status of the animals and are prerequisites for good science and public acceptance of 

the use of animals in research. The current Unit is an introduction to basic laboratory animal 

science, focusing specifically on applied laboratory animal science, which is the use of 

animals as models for humans or in some instances as models for other species. 

1.2 Animal Models:  
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Etymologically, the word “animal” derives from the Latin animal meaning soul/spirit, thus 

describing living organisms that are animated.  

A model is an object of imitation, something that accurately resembles something else, a 

person or thing that is the likeness or image of another. Prometheus, who has been designed 

by poets to have first formed Man, formed a model from water and earth and then stole fire 

from the sun to animate the model. An animal model is thus an animated object of imitation 

in the image of humans (or other species), used to investigate biological or pathobiological 

phenomena. A laboratory animal 

model describes a biological 

phenomenon that the species has in 

common with the target species.  A 

more accurate definition has been 

given by Held on the basis of 

Wessler’s original definition:  “a living 

organism in which normative biology 

or behaviour can be studied, or in which a spontaneous or induced pathological process can 

be investigated, and in which the phenomenon in one or more respects resembles the same 

phenomenon in humans or other species of animal.” What is generally understood by the 

term “animal model” is modelling of humans. It is not the image of the used animal that is the 

focus of research but the analogy of the physiological behaviour of this animal to our own (or 

another) species. It would thus be more correct to refer to animals as “human models” in this 

context. Laboratory animal science, comparative medicine, and animal experiments are 

indeed much more about humans than about any other animal species. The significance and 

validity with respect to usefulness in terms of “extrapolatability” of results generated in an 

animal model depend on the selection of a suitable animal model. A good knowledge of 

comparative anatomy and physiology is an obvious advantage when developing an animal 

model.  

Animal models may be found throughout the animal kingdom, and knowledge about human 

physiology has been achieved in species far removed from the human in terms of 

evolutionary development. A good example is the importance of the fruit fly for the original 

studies of basic genetics. Animal models are used in virtually every field of biomedical 

research, as reflected in the Units of this book. Moreover human is a complicated organism, 

and it is considered unethical to do many kinds of experiments on human subjects. For these 
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reasons, biologists often use simpler “model” organisms that are easy to keep and manipulate 

in the laboratory. Despite obvious differences, model organisms share with humans many key 

biochemical and physiological functions that have been conserved (maintained) by evolution. 

Organisms share similar genes because they have inherited them from common ancestors. 

1.2.1 Selecting animal models: The use of animals in research and instruction generally 

occurs in one of two contexts: the animals serve as model systems for the investigation of 

phenomena and processes which cannot be studied directly, or the animals are being studied 

to investigate a problem specific to the particular species.   Most biomedical research falls 

into the first category. Examples of the latter include field studies of behavioural and 

ecological adaptations of animal species, studies of taxonomic relationships among species, 

or captive studies of physiological or behavioural processes which form an important part of 

the adaptations of one or more species. 

Ethical and humane considerations should be viewed as compatible with good scientific 

practice. There is a body of literature that supports the premise that animals which are 

humanely cared for are healthier, both physically and psychologically, and therefore make 

better, more predictable, subjects.  Similarly, unless a research project is intended to study 

pain itself, pain and suffering on the part of the animal subject will rarely, if ever, contribute 

anything positive to the experimental procedure.  Thus, ethics and humane considerations can 

be viewed as integral parts of the process of experimental design and model selection.  

Selecting a research model: Selection of an appropriate model must be based on extensive 

familiarity with the problem or system to be studied, so that the researcher can determine the 

range of biological responses necessary to the experimental design.  Once this familiarity is 

developed, either by extensive review of the published literature or from pilot studies, the 

researcher can proceed to select an appropriate model, whether a whole animal, animal-

derived material or a non-animal model.  

Factors Affecting Choice of Species: An animal model is a living organism in which normal 

biological processes can be studied, or in which a spontaneous or induced pathological 

process can be investigated.  To be effective, the process being modelled should closely 

resemble the analogous process in human beings or some other species in one or more ways.  

Some important criteria of animal models are: relevance to the problem being studied; the 

accuracy with which the model reflects all or some important aspects of the problem; the 

model's predictability; and the model's availability to researchers.  In addition, general 
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species characteristics such as life history parameters, behaviour and diet can be as important 

as physiological parameters in species choice. 

a. Life History: Aspects of life history patterns which may influence species choice 

include developmental rate, age at first reproduction, frequency and timing of reproduction, 

gestation length, litter size and life span. Species with relatively short life spans are 

sometimes the most useful choice for models of the long term effects of early ontogenetic 

factors.  Life history parameters may also combine with other species characteristics to 

influence the appropriateness of model choice.  For example, litter size is an important 

consideration when studying a naturally occurring genetic condition as a large litter will 

increase the likelihood that some offspring will carry the trait. 

b.  Behaviour: The normal behavioural patterns of a species can be important to model 

choice, whether or not the researcher is actually interested in the animal's behaviour.  The 

normal social organization of a species affects such variables as how animals must be housed 

or fed and under what circumstances they will reproduce successfully.  Social and individual 

behavioural characteristics may influence research variables in both obvious and subtle ways.  

An example of an obvious behavioural constraint is that, with many species, placing more 

than one adult male in a social group under the relatively confined conditions of captivity will 

result in serious aggression that may disrupt research.  A more subtle effect has been 

observed in mice where females, but not males, show enhanced immune responses when 

housed in groups.  Such behavioural effects may introduce uncontrolled variables into 

experiments if they are not anticipated by the researcher. 

c.  Diet: Knowledge of the normal nutrient requirements of a species is an important 

factor in selection of an appropriate model. Use of poorly nourished animal subjects, or 

subjects which, lack some critical dietary component, may introduce extraneous, uncontrolled 

variability into experiments. 

d.  Genetics: Genetic factors are important in model selection in several respects.  

Species selected should have a well known background, as some may develop naturally 

occurring genetic diseases.  In some common laboratory species, mutant or inbred strains 

have been developed with well documented and often highly specific genetic properties. 

 

1.2.2. Types of Animal Models:  A plethora of animal models have been used and are 

being used and developed for studies of biological structure and function in humans and 

animals. The models may be exploratory, aiming to understand a biological mechanism, 

whether this is a mechanism operative in fundamentally normal biology or a mechanism 



Unit-1: Preliminary techniques in biochemistry 

  

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-1 Page 6 

 

associated with an abnormal biological function. Models may also be developed and applied 

as so-called explanatory models, aiming to understand a more or less complex biological 

problem. Explanatory models need not necessarily be reliant on the use of animals but may 

also be physical or mathematical model systems developed to unravel complex mechanisms. 

A third important group of animal models is employed as predictive models. These models 

are used with the aim of discovering and quantifying the impact of a treatment, whether this 

is to cure a disease or to assess toxicity of a chemical compound. The anatomy or 

morphology of the model structure of relevance (e.g., organ system) to the studies may be of 

importance in all three of these model systems. The extent of resemblance of the biological 

structure in the animal with the corresponding structure in humans has been termed fidelity. 

A high-fidelity model with close resemblance to the human case may seem an obvious 

advantage when developing certain models. What is often more important, however, is the 

discriminating ability of the models, in particular the predictive models. When using models, 

for instance, to assess the carcinogenicity of a substance, it is important that at least one of 

the model species chosen responds in a manner that is predictive of the human response to 

this substance. Thus, the similarity between humans and model species with respect to the 

relevant biological mechanism is often more important than the fidelity of the model.  Often 

the two go hand in hand, and high- fidelity models offer the best opportunity to study a 

particular biological function.  

Model organisms Applications 

Bacteriophage Genetic engineering. 

E. coli Morphogenesis, chromosome stability. 

Neurospora Genetic analysis 

C.elegans Neurobiology 

Yeast Mutational studies 

Zebrafish Embryonic development 

Mice In vivo Genetic studies 

Drosophila Molecular Genetic studies 

Arabidapsis Plant model system 



Unit-1: Preliminary techniques in biochemistry 

  

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-1 Page 7 

 

 

An animal model may be considered homologous if the symptoms shown by the animal and 

the course of the condition are identical to those of humans. Models fulfilling these 

requirements are relatively few, but do exist. For example: spinal cord injury in man and cats. 

An animal model is considered isomorphic if the animal symptoms are similar, but the cause 

of the symptoms differs between human and model. For example: canine hip dysplasia 

compared to degenerative hip disease in man. The dog’s is genetic; man’s is age-related, but 

usually not genetic. However, most models are neither homologous nor isomorphic but may 

rather be termed "partial." These models do not mimic the entire human disease but may be 

used to study certain aspects or treatments of the human disease. 

 

1.2.3. Classification of disease models: The majority of laboratory animal models are 

developed and used to study the cause, nature, and cure of human disorders. They may 

conveniently be categorized in one of the following five groups, of which the first three are 

the most important, as given in numerical order:  

i. Induced (experimental) disease models  

ii. Spontaneous (genetic) disease models  

iii. Transgenic disease models  

iv. Negative disease models  

v. Orphan disease models  

 

i. Induced (experimental) disease models: 

Induced (Experimental) Disease Models As the name implies, induced models are 

healthy animals in which the condition to be investigated is experimentally induced, for 

instance, the induction of diabetes mellitus with encephalomyocarditis virus, causing an 

allergy against cow's milk through immunization with minute doses of milk protein, or 

performing partial hepatectomy to study liver regeneration. The induced-model group is the 

only category that theoretically allows a free choice of species. Although one might be 

tempted to presume that extrapolation from an animal species to the human is the better the 

closer this species resembles humans (high fidelity), phylogenetic closeness, as fulfilled by 

primate models, is not a guarantee for validity of extrapolation.  A prime example of this 

failure of fidelity is the unsuccessful chimpanzee models, which were used in acquired 

immunodeficiency syndrome (AIDS) research. It is just most important that the pathology 

Table: 1.1 - Types of Animal Models 
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and outcome of an induced disease or disorder in the model species resembles the respective 

lesions of the target species. Feline immunodeficiency virus infection in cats may, therefore, 

for many studies be a better model for human AIDS than is human immunodeficiency virus 

infection in simians. Although mice and rats have many biological characteristics in common, 

they do not necessarily serve equally well as models of human disease. For example, 

schistosomiasis (mansoni) infection may be studied in experimentally infected mice but not 

in rats, whose immune system is able to fight the infection effectively.  

Most induced models are partial or isomorphic, because the etiology of a disease 

experimentally induced in an animal is often different from that of the corresponding disease 

in the human. Few induced models completely mimic the etiology, course, and pathology of 

the target disease in the human. However, this is not an indication that these models have not 

led to important scientific discovery about human and animal disease. Spontaneous Animal 

Disease Model These models of human disease use naturally occurring genetic variants 

(mutants). Many hundreds of strains and stocks with inherited disorders modelling similar 

conditions in humans have been characterized and conserved. A famous example of a 

spontaneous mutant model is the nude mouse, which was a turning point in the study of 

heterotransplanted tumours and, for instance, 

enabled the first description of natural killer 

cells. Other famous spontaneous models 

include Snell's dwarf mice, without a functional 

pituitary, and the curly-tail mouse, in which 

fetuses develop a whole range of neural- tube 

defects. Many of the mutants are available in inbred strains, with corresponding coisogenic* 

or congenic** strains. This is very useful because the influence of just one affected gene or 

locus may then be studied against a reference strain with similar genetic background as the 

mutant.  

 (*Coisogenic: A strain that differs from a particular inbred strain at only one locus. A 

coisogenic strain arises when a mutation occurs in an inbred strain. The coisogenic strain can 

be propagated by intercrossing heterozygotes to produce homozygotes; if these are nonviable, 

the strain can be maintained by backcrossing heterozygotes to the original inbred strain).  

(**congenic of or relating to a strain of animals developed from an inbred (isogenic) strain by 

repeated matings with animals from another stock that have a foreign gene, the final congenic 

strain then presumably differing from the original inbred strain by the presence of this gene).  
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An extensive amount of literature is available on spontaneous models, and the 

majority of these are mice and rat models, although a wide range of mutants in many 

different species has been described.  

ii. Spontaneous (genetic) disease models  

The spontaneous models are often isomorphic, displaying phenotype similarity 

between the disease in the animal and the corresponding disease in the human - this is called 

face validity; for instance, type I diabetes in humans and insulin-requiring diabetes in the BB 

rat. This phenotypic similarity often extends to similar reactions to treatment in the model 

animal and the human patient. Spontaneous models have been important in the development 

of treatment regimens for human diseases.  

Most genes are homologous between man and animals. It should be remembered, 

however, that an impaired gene or sequence of genes very often results in activation of other 

genes and mobilization of compensating metabolic processes.  These compensatory 

mechanisms may, of course, differ between humans and the animal model species.  

iii. Transgenic disease models  

Transgenic Disease Models The rapid developments in genetic engineering and embryo 

manipulation technology during the past decade have made transgenic disease models 

perhaps the most important category of animal disease models. A multitude of animal models 

for important diseases have been developed since this technology became available, and the 

number of models seems to be increasing quickly. Mice are by far the most important animals 

for transgenic research purposes, but farm animals and fish are also receiving considerable 

interest.  

Many physiological functions are polygenic and controlled by more than one gene, 

and it will require considerable research activities to identify the contribution of multiple 

genes to normal as well as abnormal biological mechanisms. The insertion of DNA into the 

genome of animals or the deletion of specific genes gives rise to sometimes-unpredictable 

outcomes in terms of scientific results as well as in terms of animal well-being in the first 

generation of animals produced. Thereafter, transgenic lines can be selected and bred or 

cloned to avoid or select for a specific genotype. It is not an accurate science, although the 

methodology is constantly improving with the aim of eliminating unwanted effects. The 

embryo manipulation procedures themselves do not appear to affect the welfare of offspring 

in the mouse.  
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The recent completion of the maps of the genomes of mouse and human will increase 

the research activities in genomics and proteomics (the qualitative and quantitative study of 

the proteins produced from the information encoded in a genome under various conditions, 

including protein expression, modification, localization, and function, and protein-protein 

interactions, as a means of understanding biological processes). Using high-density 

microarray DNA chip technology in human patients as well as in animals will make it 

possible to investigate which genes are switched on or off in different diseases.  

With both the human and the mouse genome maps available, this new technology is 

expected to rapidly increase knowledge on the genetic background and etiology of important 

diseases. Note that other species are also close to being mapped—the chicken, and also 

several invertebrates. This paves the way for a range of new homologous animal models with 

homology between animal and human (construct validity) for genotype as well as for 

phenotype. This development may result in a change in animal use from models for the 

identification of causative genes to models for studying the effects of changes in genetic 

pathways, gene- gene interactions and gene-environment interactions.  There is a great deal 

of this type of research already underway in invertebrate models such as Drosophila 

melagaster and C. elegans.  

iv. Negative disease models  

Negative Animal Models Negative model is the term used for species, strains, or 

breeds in which a certain disease does not develop, for instance, rabbits cannot become 

infected with the venereal gonococcus after being given an experimental treatment that 

induces the disease in other animals. Models of infectious diseases are often restricted to a 

limited number of susceptible species, and the remaining unresponsive species may be 

regarded as negative models for this particular human pathogenic organism. Negative models 

thus include animals that demonstrate a lack of reactivity to a particular stimulus. The main 

way these negative models are used is in the study of finding out why they are not susceptible 

to the disease or condition—what is the mechanism of resistance?  We would hope to gain 

insight into the physiological basis of the resistance.  

v. Orphan disease models  

Orphan Animal Models Orphan model disease is the term that has been used to 

describe a functional disorder that occurs naturally in a non-human species but has not yet 

been described in humans.  Often a disease in humans will later be identified in humans that 
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are analogous to the animal disease.  There are a number of examples of these phenomena.  

Examples include Marek's disease, Papillomatosis, bovine spongiform encephalopathy, Visna 

virus in sheep, and feline leukaemia virus. When humans are discovered to suffer from a 

disease similar to one that has already been described in animals, the literature already 

generated in veterinary medicine may be very useful. 

1.2.4. Choosing the Right Model: The selection of the laboratory species, breed, and strain 

to be used is one of the most important decisions to be made, and it should include 

consideration of non-animal methods. Over the years, many valuable non- animal models 

have been developed, refined, and extensively characterized. These models are useful in 

some types of research and testing, and they can often be used to supplement work with live 

animals. Once it has been determined that the use of laboratory animals is necessary, the most 

appropriate species, breed, and strain must be selected.  The objectives of the protocol play an 

important role in the selection of laboratory animal to be used. In the past and often even 

today, it has been difficult to predict which organisms will yield the most useful insights and 

information for a given study. In biological research, model selection generally begins with a 

search for close homology (similarity) that is judged to be good analog (model). The validity 

of any information derived from the animal is dependent on its appropriateness. A good 

example of the importance of choosing the most appropriate animal for the study comes from 

research concerning vascular restenosis (Restenosis literally means the recurrence of stenosis, 

a narrowing of a blood vessel, leading to restricted blood flow, such as failure of a stent). 

Most of the data obtained in pig and primate models of restenosis after angioplasty, in 

contrast to those obtained in the smaller animal species, more closely resemble data obtained 

in humans. In the pig, pretreatment with cilazapril, an angiotensin converting enzyme (ACE) 

inhibitor, failed to attenuate (reduce) carotid neointimal myoproliferation after either "deep" 

or "mild" balloon-mediated injury. In two other pig studies, ACE inhibition did not limit 

restenosis in the coronary circulation.  Similarly, ACE inhibition with cilazapril in a primate 

model did not reduce intimal thickening in arteries injured by endarterectomy, balloon 

denudation, or synthetic vascular grafting. In contrast, pretreatment with ACE inhibition in 

the rat decreased neointima formation by 80% after balloon injury of the carotid artery.  

Other studies have also confirmed a similarly profound decrease in smooth muscle cell 

proliferation after balloon injury by pretreatment with cilazapril in the rat model.  The rat 

research led to data that was detrimental to the clinical care of human patients who underwent 

stent surgery. Because new animal models are continually being identified and characterized, 
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a thorough literature search should always be conducted to determine what models are 

available and which are the most relevant.  There are several good general listings of 

available animal models for human disease.  In addition, there are a number of books on 

models for specific areas of research. Selection of a species should not be based solely on 

availability, familiarity, or cost.  The readily available, familiar, or inexpensive species may 

not provide the genetic, physiologic or psychological facets needed or wanted for the 

proposed project.  Matching the model so that it is most homologous to the human situation is 

always the optimal approach. Mammals have been widely used, because of their obvious 

similarities in both structures and function to man. Rats, mice, guinea pigs, and hamsters 

came into favour because of their small size, short life span, ease of handling, and high 

reproductive rate. Vertebrates, especially mammals, provide essential one-to-one models for 

many specific human disease processes (meaning the model closely mimics the target species 

condition).  The use of these one-to-one models has paid great dividends in understanding 

and controlling disease states as well as benefiting health. These models are expected to 

continue to provide important information for biomedical research.  

No single animal model can ever duplicate the original condition (i.e., the model is 

never the same as the prototype), and models never provide final answers, but only offer 

approximation.  Of course, in a broad sense, experimental science itself is the study of 

approximations, and universal truths are rarely found, but benefits far outweigh the negatives 

in terms of improved health and wellbeing of human patients. It is virtually impossible to 

give specific rules for the choice of the best animal model, because the many considerations 

that have to be made before an experiment can take place differ with each research project 

and its objectives. Nevertheless some general considerations in the choice of a model are as 

follows:   

 Appropriateness of the model as an analog of the disease or condition 

 What do we know about the biological properties of the model  

 What is the diseases or condition we want to study  

 Can the model be easily adapted to experimental manipulation  

 What are the ecological consequences of using the model (i.e., taking an animal from 

the wild) 

 Are their environmental influences that will affect the model in the research setting 

 Are there ethical implications of using the animal (i.e., dogs, NHP, others) 
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 What knowledge already exists about the model  

 Can the results of research with the model be extrapolated easily to the target species 

 Are there genetic considerations—homologous genes?   

 Will there be hazards involved in using the animals (communicable diseases)  

 Does the animal facility have the ability to house the species easily (cows vs. mice)  

 Do you have people with expertise in the husbandry of the species 

 Is it a natural vs. experimental model  

 Numbers needed  

 Life span and age  

 Progeny needed  

 Sex  

 Size of animal 

 Stress factors  

 Cost and availability  

 Other special considerations  

 

Model selection is very much the prerogative of the individual scientist, who therefore 

is responsible for convincing the rest of the scientific community that her or his choice is 

valid.  Contrary to an infamous quotation, a rat is not a pig is not a dog is not a boy!  

Extrapolation from Animals to Humans: When experimental results have been generated 

in an animal model, they have to be validated with respect to their applicability to the target 

species, which normally is the human. The term "extrapolation" is often used to describe how 

data obtained from animal studies can reliably be used to apply to the human. However, 

extrapolation is generally not performed in its mathematical sense. Establishing toxicity data 

in animals and using these to determine safe levels of exposure for people is perhaps what 

comes closest to mathematical extrapolation in animal studies.  

What laboratory animal experimentation is about is very similar to other types of 

experiments.  Scientists aim to obtain answers to specific questions.  Hypotheses are tested, 

and the answers are obtained, analyzed, and published.  As an example of this, one might 

question the possible health hazards of a new synthetic steroid and ask a number of relevant 

questions to be answered in animal studies before deciding on the substance's potential 

usefulness as a human hormonal contraceptive. For instance, does it exist in the same form in 



Unit-1: Preliminary techniques in biochemistry 

  

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-1 Page 14 

 

humans and animals?  How does it affect the oestrus cycle in rodents? How does it affect 

endogenous hormone levels in rodents and other species? How soon after withdrawal do the 

animals revert to normal hormonal cycles?  Does it interfere with pregnancy in rodents and 

fetal development in rodents and primates?  Is the frequency of fatal malformation in mice 

affected?  Are puberty, the ovarian cycle, and pregnancy in rodent and dog offspring of 

mothers treated with the substance affected?  And so on. Analyzing the data from 

experiments of this nature would give information on the potential of the new synthetic 

steroid as a hormonal contraceptive in the human.  

Although the predictive value of animal studies may seem high if they are conducted 

thoroughly and have included several species, uncritical reliance on the results of animal tests 

can be dangerously misleading and has resulted in damages to human health in several cases, 

including those of some drugs developed by large pharmaceutical companies. What is 

noxious or ineffective in nonhuman species can be innocuous or effective in humans and vice 

versa. For instance: penicillin is fatal for guinea pigs but generally well tolerated by humans; 

aspirin is teratogenic in cats, dogs, guinea pigs, rats, mice, and monkeys but obviously not in 

pregnant women, despite frequent consumption. Thalidomide, which crippled 10,000 

children, does not cause birth defects in rats or many other species but does so in primates. A 

close phylogenetic relationship or anatomical similarity is not a guarantee of identical 

biochemical mechanisms and parallel physiological response, although such is the case in 

many instances.  

The validity of extrapolation may be further complicated by the question, "To which 

humans?"  As desirable as it often is to obtain results from a genetically defined and uniform 

animal model, the humans to whom the results are extrapolated are genetically highly 

variable, with cultural, dietary, and environmental differences.  This may be of minor 

importance for many disease models but can become significant for pharmacological and 

toxicological models.  

It is not possible to give reliable general rules for the validity of extrapolation from 

one species to another.  This has to be assessed individually for each experiment and can 

often only be verified after trials in the target species. An extensive and useful overview on 

the problem of predictive anthropomorphization, especially in the field of toxicology 

research, is Principles of Animal Extrapolation by Calabrese. The rationale behind 

extrapolating results to other species is based on the extensive homology and evolutionary 
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similarity between morphological structures and physiological processes among different 

animal species and between animals and humans.  

Some General Requirements: So how can the mistakes of the past be avoided and the 

mentioned difficulties be overcome in the future, if they can be overcome at all?  Some vital 

requirements for verifiable extrapolation are:  

a. Taking a plurispecies approach.  Most of the regulating authorities require two species 

in toxicology screening, one of which has to be non-rodent.  This does not necessarily imply 

that excessive numbers of animals will be used.  Doing research with only one species can 

mean that experimental data retrospectively turn out to be invalid for extrapolation, 

representing real and complete waste of animals.  Using more than one species is, of course, 

no guarantee for successful extrapolation, either.  

b. Metabolic patterns and speed and body size must match between species.  The use of 

laboratory animals as models for humans is often based on the premise that animals are more 

or less similar with respect to many biological characteristics and, thus, can be compared with 

humans. However, there is one striking difference between mouse and human, and that is 

body size. However, in proportion to their body size, mammals of all types generally have 

very similar organ sizes expressed as percentage of body weight.  Take the heart for instance, 

which often constitutes 5 or 6 g per kilogram of body weight; or blood, which is often 

approximately 7% of total body weight. Most mammals have similar data for heart and blood 

weight per weight of the animal.  

It is well known that the metabolic rate of small animals is much higher than that of large 

animals. It has also been demonstrated that capillary density in animals smaller than rabbits 

increases dramatically with decreasing body weight.  However, considering that most animals 

are similar in having heart weights just above 0.5% of their body weight and a blood volume 

corresponding to 7% of the body weight, it becomes obvious that to supply the tissues of 

small animals with sufficient oxygen for their high metabolic rate, it is not sufficient to 

increase the stroke volume.  The stroke volume is limited by the size of the heart, and heart 

beat frequency is the only parameter to increase, which results in heart rates well over 500 

per minute in the smallest mammals.  Other physiological variables, like respiration and food 

intake, are similarly affected by the high metabolic rate of small mammals. This means that 

scaling must be an object for some consideration when one calculates dosages of drugs and 

other compounds administered to animals in experiments.  If the object is to achieve equal 

concentrations of a substance in the body fluids of animals of different body size, then the 
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doses should be calculated in simple proportion to the animals' body weights.  If the object is 

to achieve a given concentration in a particular organ over a certain time period, the 

calculation of dosage becomes more complicated.  Other factors, including the 

physicochemical properties of the drug, become important.  Drugs and toxins exert their 

effect on an organism not per se but because of the way that they are metabolized, and are 

bound in the body tissues, and how and when they are finally excreted.  

However, metabolism or detoxification and excretion of a drug are not directly correlated 

with body size but, more accurately, to metabolic rate of the animal.  

The metabolic rate of an animal, as expressed by oxygen consumption per gram body weight 

per hour, is related to body weight in the following manner: 

M = 3.8 x BW-0.25 

Where M is the metabolic rate (oxygen consumption in millilitres per gram of body weight 

per hour) and BW is body weight in grams. This equation may be used to calculate dosages 

for animals of different body weights if the dose for one animal (or human) is known. 

Dose1/Dose2 = BWl-0.25/BW2 -0.25  

Dose1 = Dose2 x BW1-0.25/BW2-0.25 

The equations should be considered as assistance for calculating dosages, but caution should 

be exerted with respect to too broad a generalization of their use, and the 0.50 power of body 

weight should be employed when dealing with animals with body weights of <100 g. Some 

species react with particular sensitivity toward certain drugs, and marked variations in the 

reaction of animals within a species occur with respect to strain, pigmentation, nutritional 

state, time of day, stress level, type of bedding, ambient temperature, and so on.  

c. Confounding variables of metabolism must be controlled.  One must be very careful 

about attributing to a species or strain differences that could be due to, e.g., age, diet, sex, 

distress, route or time of administration and sampling, dose size, diurnal variation, season of 

the year, or daily temperature.  

d. Experimental design and the life situation of the target species must correspond.  A 

model cannot be separated from the experimental design itself.  If the design inadequately 

represents the “normal” life conditions of the target species, inaccurate conclusions may be 

drawn, regardless of the value of the model itself.  
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1.2.5. Description of Animal Research Models and Design:  When selecting models or 

providing information regarding models used when presenting or publishing work (or 

applying for a grant), it is necessary to provide exact descriptions of the model and conditions 

that may impact the model’s use.  This includes much more than the commonly occurring 

statement that “albino mice were used for all studies.”  Other identifiers that should be 

provided include genetic strain and sub-strain and, if applicable, special genetic features, 

using the correct international nomenclature.  The microbial status of the animals also needs 

to be specified. Conventional, specific pathogen-free and axenic mice differ in their responses 

to various agents and in their physiology.  These descriptions should be provided, as well as 

the methods and results obtained when microbial or pathogen status was verified.  Age, 

animal housing, normal maintenance, diet and husbandry also should be given; i.e., a rat 

maintained on autoclaved food and sterile distilled water in suspended wire cages in an 

isolator is a drastically different animal than a genetically identical rat maintained in an open 

shoe-box cage in a conventional animal room.  If performing infectious disease research, it is 

necessary to provide specific information on the organism and study design.  For example: 

the strain of the organism, the methods by which the inoculums was prepared, the route by 

which it was inoculated, and the dose that was used.  Even the decision whether to use 

anesthesia during inoculation may affect the model. For example, for years we thought that 

infection of pathogen-free F344 rats with dosages of 106 or more colony-forming units 

(CFU) of a single strain of Mycoplasma pulmonis delivered as an intranasal bolus was a 

reasonable model of naturally occurring murine respiratory mycoplasmosis (MRM).  In 

reality, organism load in natural infection is likely to be in the range of 101 to 102 CFU / 

animal in barrier-maintained colonies.  In addition, we now know that different genetic 

strains of mice and rats respond differently; different strains of the organism vary in 

pathogenicity, and a wide variety of factors, especially ammonia, also affect the severity of 

the disease.  Thus, our original model simulated only the most severe form of naturally 

occurring MRM, usually seen only in conventional rodents.  However, the study of this 

highly artificial model led to the identification of all the factors listed above, all of which are 

involved in natural MRM. 

 

1.3 Model Organisms: 

a. Researchers study development in model organisms to identify general principles  

Developmental processes are so fundamental that there are striking similarities in the 

development of very varied organisms. Despite different adult forms, these organisms share 
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similar developmental mechanisms. This is shown by the similarity of the basic embryo plan 

for vertebrate embryos as shown in the middle row above. The adult forms of these vertebrate 

animals look quite different and the eggs from which they arise are also different in size and 

design, but during development of the embryo the overall design and body plan is very 

similar. When the primary research goal is to understand broad biological principles - of 

development in this case - the organism chosen for study is called a model organism.  

– Researchers select model organisms that lend themselves to the study of a particular 

question. For example, frogs were early models for observing development of an animal 

embryo because their large eggs are easy to observe and manipulate, and fertilization and 

development occurs outside the mother’s body.  

 When choosing a model organism for research, there are a number of different aspects 

to be considered:  

1.  Biological considerations: Is this organism biologically suited to the type of study? 

Obviously a frog cannot be used to study the particular features of mammalian development. 

An important biological consideration for the study of development is accessibility of the egg 

and embryo for observation and manipulation.  

2.  Practical considerations. e.g. cost, space requirements and the ease of handling and 

breeding the organism.  

3.  Historical considerations: If a model has been used in the past then its biology will be well 

understood and specific tools will have been developed.  

In general terms the researcher chooses the model organism that best allows them to take a 

particular kind of approach to ask particular questions:  

b. For observing development and morphological analysis: 

Advantages in this case would be large eggs, accessible embryos, short development time, 

and easy to keep in the lab.  So the organisms of choice for this kind of work would be the 

amphibian (frog) and the chicken.  

c. For manipulating the embryo; “experimental embryology”:  

Advantages would be large accessible embryos, robust embryos that 

can tolerate manipulation or embryos that can be grown in a dish, in 

culture.  So, again good organisms of choice here would be the frog 

or the chick.  

d. For Developmental genetics:  

Advantages would be ease of breeding in the laboratory, short 

generation interval (time from fertilization to sexual maturity), simple or small genome and 



Unit-1: Preliminary techniques in biochemistry 

  

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-1 Page 19 

 

ease of observing embryos to see mutant effects. Organisms that have been widely used for 

this are the fruit fly (Drosophila), the zebrafish (Danio), the nematode worm (Caenorhabditis 

elegans), the plant Arabidopsis thaliana, the mouse (despite major disadvantages, see below).  

Some examples of model organisms that have been widely used for developmental 

studies and their particular advantages: 

1. Phages : Phages, viruses infecting bacteria, were established as models through the 

initiative of Max Delbrück. Workingin Morgan's laboratory at Caltech, he joined Emroy Ellis 

to study bacteriophages, intrigued by their simplicity, which Allows straight forward isolation 

and quantification, yet showing a key feature of life: the ability to replicate. The “Phage 

group”, an informal group of people, then started around 1940, after Delbrück and Salvador 

Luria had met at a physics conference. 

2. Bacteria: Joshua Lederberg was inspired by Oswald Avery, 

Colin MacLeod, and Maclyn McCarty's seminal paper identifying 

deoxyribonucleic acid (DNA) as a transforming agent in 

Pneumococcus bacteria. The first DNA polymerase was isolated from 

E.coli; and the basic concepts of transcriptional regulation were 

unraveled using this model organism. Besides being the workhorse of 

recombinant DNA laboratory practices, E. coli still occupies an 

important place as a model system, such as in studies of 

chemotaxis, or as a model for bacterial pathogens. 

3. Neurospora: To study the fundamental cellular 

processes, simpler life forms provedmore appropriate. George 

Beagle and Edward Tatum chose Neurospora crassa based on 

previous studies that reported Neurospora's advantages, such as 

easy cultivation and the haploid life cycle, which simplifies genetic analysis because 

recessive traits manifest themselves directly in the offspring. Neurospora is still popular to 

study metabolism, gene regulation, chromosome behavior, DNA repair, DNA methylation 

and epigenetic phenomena, genome defense, photobiology, circadian rhythms, 

differentiation, development, and other biological phenomena of relevance to higher 

eukaryotes. 

4. Caenorhabditis elegans: The nematode Caenorhabditis elegans was chosen in 1963 

by Sydney Brenner as a model organism due its simplicity compared to other multicellular 

organisms. C. elegans displays all the hallmarks of a multicellular organism, such as a 

complex organ system, or social, sexual, and learning behaviors. Conserved mechanisms 
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involved in programmed cell death, insulin signaling and aging, and neurobiology, have been 

elucidated using C. elegans. The worm has also been 

instrumental in the dissection of the mechanism of RNA 

interference (RNAi), which was originally described in 

transgenic plants. RNAi has added a powerful and easy tool for 

generating targeted loss-of function mutations. The power of 

this method was demonstrated by the first genome-wide RNAi 

screens in C. elegans, and has since been extended to other 

organisms. 

The common free-living soil nematode Caenorhabditis elegans has become a valuable 

model animal for approaching basic questions in development. Its small size, small cell 

number, short life cycle, and transparency make it ideal for analysis by microscopy and 

genetics. Despite its simplicity, its mechanisms of development have much in common with 

those of higher animals. The contributions of C. elegans research were recognized by award 

of the 2002 Nobel Prize in Physiology and Medicine to Brenner, Sulston, and Horvitz.  

i. Description of the cell lineage of C. elegans 

 Fate map. The entire cell lineage, which is the ultimate fate map, is known from 

embryo to adult, for both sexes. It provides an excellent starting point for studying 

development. The fates of cells in nematodes were classically thought to be "lineally 

programmed," i.e. dictated by cell ancestry (“European plan”), without input from 

neighboring cells. Although many cell fates indeed are lineally determined, we now 

know that there are many essential cell-signaling interactions as well, as described 

below.  

 Founder cells are six cells in the embryo which give rise to the major embryonic 

lineages, named AB, MS, E, C, D, and P4. Founder cell lineages do not correlate 

consistently with germ layers. Three of the five somatic founder cells (AB, MS, C) 

contribute to more than one of the three germ layers. 

 Founder cell lineages also do not correlate consistently with tissues; three founder 

cells (E, D and P4) contribute to only one tissue type, while the other three contribute 

to multiple tissue types (G,8.43). 

 Fates of early embryonic cells (blastomeres). Some of the early cleavages are 

unequal (giving daughters of different size), and at the 4-cell stage, each of the 
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blastomeres has a different fate – that is, will give rise to different kinds of cells and 

tissues.  

How are the fates of early embryonic cells (blastomeres) determined? 

This question has been addressed using techniques of experimental embryology as 

well as genetics--many of these ideas will already be familiar to you. 

ii. Components of the egg cytoplasm segregate to certain blastomeres  

We have already seen the most striking example--P granules, which segregate 

specifically to germ line cells (the P lineage) in early cleavages, as seen by antibody staining. 

These granules, probably analogs of similar germ-line-specific inclusions in many other 

embryos, including those of Drosophila, Xenopus, and mice, appear to be partitioned by an 

actin-based process in C. elegans. They contain proteins and RNAs, which include germ-line 

determinants.  A few of their components are known to be regulatory proteins; the rest are not 

yet characterized.  In the early C. elegans embryo they provide a useful assay for normal 

cytoplasmic segregation.  

iii. Embryo manipulations demonstrate both cell-autonomous and inductive 

determination mechanisms  

Cell isolation and laser ablation experiments showed that the gut, germ-line, and 

body-wall muscle lineages are programmed autonomously by the mid-4-cell stage. Other 

such experiments indicated that inductive events are also required. If one of the cells of the 4-

cell stage embryo (EMS) is ablated, the ABa descendants fail to form anterior pharynx.  If P2 

is ablated, the ABp descendants behave like ABa descendants. And finally, experiments with 

isolated blastomeres showed that gut development from the E lineage 

requires brief contact between P2 and EMS (the parent of E) during 

the first few minutes of the 4-cell stage. These details (cell names and 

what the signals are) are not important; however, the way in which 

genetics can be used to help dissect these signaling events, is! So, in 

C. elegans as in most embryos, some cell fates are determined by 

ancestry (cytoplasmic determinants) and others by inductive 

interactions (cell signaling). 

5. Yeast: Baker's yeast is one of the simplest eukaryotic organisms, allowing simple 

cultivation, but many essential cellular processes are conserved between yeast and humans. 

Ojvind Winge can be considered the founder of yeast genetics, as much of the pioneering 

work was performed in his group at the Carlsberg Laboratory in Copenhagen. Leeland H. 

Hartwell developed the concept of cell-cycle checkpoints based on the isolation and 
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characterization of temperature-sensitive mutants in S.cerevisiae, while Paul Nurse proceeded 

to isolate cell-cycle defective mutants of Sz. pombe. By 1976, Nurse and his colleagues had 

identified 14 genes involved in DNA synthesis, nuclear division and the formation of the 

septum, which separates the two daughter cells. Subsequently, the wild-type alleles affected 

in these mutants were isolated, and their biochemical and cell-biological roles investigated, 

leading to a reconstruction of cell-cycle control in normal cells and uncontrollably 

proliferating cancer cells. Apart from studies on the cell cycle, yeast continues to be an 

excellent model system for cell morphogenesis, chromosome stability, and even aging. Being 

one of the easiest and most accessible eukaryotic models, S. cerevisiae has repeatedly been 

used to introduce new high-throughput technologies, as will be further discussed 

subsequently.  

6. Zebrafish: Zebrafish (Danio rerio), has been introduced as a model organism 

relatively recently, by George Streisinger. The motivation was to choose a vertebrate model 

that would combine the power of forward genetic screens 

with easy access due to its transparency and external 

embryonic development. Large-scale forward genetic 

screens have resulted in a collection of mutations that cover 

many aspects of embryonic development. Essential functions may be covered by redundantly 

acting genes, hindering their detection in forward genetic screens. Nevertheless, and also due 

to advances in reverse genetic approaches, zebrafish continues to gain popularity as a model 

organism. Notably, it is currently the only genetically accessible model for appendage and 

heart regeneration. 

7. Drosophila melanogaster: The fruit fly Drosophila 

melanogaster was first chosen as a model organism by 

geneticist T.H. Morgan and intensively studied by generations 

of geneticists after him.  

 The fruit fly is small and easily grown in the laboratory.  

 It has a generation time of only two weeks and produces many offspring.  

 Embryos develop outside the mother’s body.  

 Amenable to large scale mutational screens to identify genes involved in particular 

functions e.g. forming the right body parts in the right place. So flies with mutated versions 

of all genes in the genome have been isolated.  
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In addition, there are vast amounts of information on its genes 

and other aspects of its biology. The genome has been 

sequenced and is contains 13,600 genes. 

8. Arabidopsis thaliana: For studying the molecular 

genetics of plant development, an important model is a small 

weed Arabidopsis thaliana (a member of the mustard family). 

One plant can grow and produce thousands of progeny after 

eight to ten weeks. A hermaphrodite, each flower makes ova and sperm. For gene 

manipulation research, scientists can induce cultured cells to take up foreign DNA (genetic 

transformation). Its relatively small genome, about 100 million nucleotide pairs, has already 

been   sequenced. Plant development is a very important field of study.  

 

1.4. Types of Study:  Mutant Organism 

 Mutation Overview 

Mutation is a process that produces a gene or chromosome that differs from the wild type 

and a mutant is the organism or cell whose changed phenotype is attributed to a mutational 

process. 

 The occurrence of mutations 

A.  Frequencies of mutations: 1. Mutation frequency= # of times mutation appears in the 

population / # of individuals in the population where a population 

can be bacterial cells, people, gametes. 

2.  Mutation rate= # of mutations / unit time where unit time can 

be per cell division, cell generation. 

3.  Mutations are relatively rare. 

4.  Different genes have different mutation frequencies  

5.  Different organisms have different overall mutation 

frequencies 

 

B.  Detection of mutations in humans 

1.  Detection of germinal dominant mutations by human pedigree analysis (shows up in the 

pedigree as the sudden appearance of a novel phenotype) 

2.  Detection of germinal recessive mutations are more difficult because they remain masked 

by the dominant allele until the union of two heterozygotes. 
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3.  Detection of germinal X-

linked mutations arising in 

female gamete appears in 

some of the males in the 

generation after the mutation 

occurred. 

C.  Detection of mutations 

using the specific-locus test, a 

system for detecting recessive 

mutations in diploids. 

Heterozygote individual for 

gene(s)A that give phenotype 

A is crossed with a homozygous recessive individual for gene(s)a that gives phenotype a. The 

frequency of the mutant phenotype (a) is quantitated. 

D.  Detection of X-linked mutations in Drosophila using the ClB chromosome 

The ClB chromosome is the X chromosome bearing the C allele which prevents crossover, 

the l allele which is a recessive lethal, and the Bar allele which is a dominant eye mutation.  

 

E.  Detection of mutations in microorganisms 

1. General info on microorganism growth and manipulation 

a)  Growth is rapid (some bacterial populations double every 30 minutes) 

b)  Growth can occur in liquid media to cell density of approx 10
9
 bacteria/ml 
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c)  Growth can occur on solid media (agar plate). Organisms are spread across a plate of solid 

media (plating). Single cells are deposited randomly and will grow into a colony of cells that 

is visible to the naked eye. 

2.  Microorganisms allow for the use of selective 

systems for mutation detection vs. the screening 

systems used for higher organisms. 

 A selective system is one in which the 

experimenter can DEMAND that the only 

individuals that grow or survive are the ones that 

have the mutation of interest. On the other hand, a 

screening system is one in which the experimenter must examine each individual to see if it 

has the mutation of interest. 

3.  Microbial selective systems.  

a)  Selection for reversion of an 

auxotroph to a prototroph: Plate 10
9
 

adenine auxotrophs on agar plate with 

no adenine. The only bacteria that grow 

are those that have a random mutation in 

the mutant ad gene that now reverts it 

back to the wild type allele. 

b)  Selection for resistance to an environmental factor (bacteriophage, antibiotics). Example, 

Luria-Delbruck experiment: Tested whether mutations arose in response to plating on 

selective media (in this case bacteriophage resistant mutants were selected for by plating on 

media containing bacteriophage which normally kill the bacterium). Two hypotheses: (a) 

physiological change where mutations arose after plating because the bacteria sensed the 

phage and altered themselves so that they may become resistant to the phage or (b) random 

mutation where mutations arose randomly before plating and all plating did was select for the 

resistant bacteria 

Luria and Delbruck tested the above hypothesis by starting 20 very small cultures (0.2 ml) 

and 1 large culture (10 ml) with low numbers of bacteria. The cultures were allowed to grow 

for numerous generations and those 0.2 ml aliquots were plated on phage plates (all of the 
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small cultures and aliquots of the large culture) and the number of resistant bacteria was 

counted. If the physiological hypothesis was correct, then one would expect that each plate 

would contain the same number of phage resistant bacteria.  However, if the random mutation 

hypothesis was correct, some of the small cultures may have had the random phage resistance 

mutation occur early and thus almost the entire population is phage resistant while other 

small cultures may have had the random phage resistance mutation occur very late early and 

thus almost the entire population is not phage resistant. They found a large fluctuation in the 

number of phage resistant bacteria on plates from the small 0.2 ml cultures (Table 7-3), and 

thus random mutation was the correct hypothesis. In the larger culture, the fluctuations are 

averaged out and so you do not see the large variation in numbers. 

4.  Microbial screening systems 

a)  Screening for forward mutations from wild type to auxotrophy: Plate bacteria on complete 

media to form colonies.  Replicas plate many, many colonies to plates with and without the 

nutrient you are testing for auxotrophy. Compare the plus and minus nutrient X plates to look 

for a colony that appears on the plus nutrient plate but not the minus nutrient plate. If you 

expect the mutation frequency to be 1 in 10,000, then you will need to replica plate at least 

10,000 colonies to get the 1 mutant. 

b)  Enrichments are important in screening because they reduce the number of organisms that 

you have to screen. Enrichment for auxotrophs works by selectively removing or killing 

growing microorganisms while they are in medium that allows only the prototrophs to grow. 

(1)  Filtration enrichment (2) Penicillin enrichment 

  Mutations and cancer 

A.  Cancer is a group of diseases characterized by rapid, uncontrolled proliferation of cells 

within a tissue resulting in the formation of a tumor. Cancer has many causes and phenotypes 

but the fundamental mechanism underlying all cancers is genetic. 

B.  There are two types of genes that are involved in cancer formation. 

1.  Tumor suppressor genesare genes that encode a product that normally stops cell division. 

Mutations in these genes result in uncontrolled activation of cell division and therefore tumor 

formation. Mutations are generally recessive and thus you need mutations in both alleles to 

have cancer. A mutation in one allele predisposes the carrier to cancer. 

a)  Rb gene - retinoblastoma (retinal cancer) 
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b)  BRCA1 - hereditary breast cancer gene 

c)  P
53

 gene mutations are found in a variety of cancers including breast, lung, bladder, and 

colon cancers. Over 1/2 of all cancers are associated with P
53

. 

2.  Proto-oncogenesare genes that encode a product that normally controls cell division (kind 

of like an on/off switch). Mutations in these genes make the gene product permanently in the 

on position which results in uncontrolled activation of cell division and therefore tumor 

formation. 

a)  N-ras – neuroblastoma (tumor formed of embryonic ganglion cells), leukemia 

b)  N-myc – neuroblastoma 

 c)  Man – mammary carcinoma 

   Mutagens in genetic dissection 

A.  Mutagens are agents that cause mutations at a rate higher than the spontaneous rate. 

B.  Mutagens can be chemical (i.e. cigarette smoke, mustard gas) or radiation (i.e. UV, X-

rays,) 

1.4.2 Cultured cells  

i. Tissue Culture: The general term for the removal of cells, tissues or organs from an 

animal or plant and their subsequent placement into an artificial environment conducive to 

growth. 

• Can be used to prepare finite or continuous cell cultures 

• Will be similar biochemically and physiologically to parent tissue 

There are mainly two types of cell culture 

1. Primary Culture.      2. Cell Line Culture 

• AKA –finite / continuous / established / secondary / sub-clone / immortalized cell culture  

a. Primary Culture 

 Come from the outgrowth of migrating cells from a piece of tissue or from tissue that 

is disaggregated by enzymatic, chemical, or mechanical methods.  

 Formed from cells that survive the disaggregation process, attach to the cell culture 

vessel (or survive in suspension), and proliferate. 

 Primary cells are morphologically similar to the parent tissue.  

 These cultures are capable of only a limited number of cell divisions, after which they 

enter a non-proliferative state called senescence and eventually die out. 

 Primary cells are considered by many researchers to be more physiologically similar 

to in vivo cells. 
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 Primary cell culture is generally more difficult than culture of continuous cell lines. 

Advantages 

 They are thought to represent the best experimental models for in vivo situations. 

 Have the same karyotype as the parent tissue normal or abnormal. Not 

“dedifferentiated”. 

Disadvantages 

 Difficult to obtain. 

 Relatively short life span in culture. 

 Very susceptible to contamination. 

 May not fully act like tissue due to complexity of media. 

 Considerable variation in population and between preparations 

ii. Tumor Primary Cell Culture 

 Easier to create as tumors cell cycle / growth regulators have been altered 

 Tumor cells often produce own growth factors (autocrine) 

 Mechanically disrupted tissue easily plates, binds and can thrive 

 Seeding density often must be high for primary culture of tumors. 

iii. Finite Cell Lines 

 AKA –secondary or sub-clone culture 

 Finite cell cultures are formed after the first sub culturing (passaging) of a primary cell 

culture. These cultures will proliferate for a limited number of cell divisions, after which 

they will senesce. 

 The factors which control the replication of such cells in vitro are related to the degree of 

differentiation of the cell. 

 The cells will proliferate for an extended time, but usually the culture will eventually cease 

dividing, similar to senescent primary cells. Use of such cells is sometimes easier than use 

of primary cell cultures, especially for generation of stably transfected clones. 

Advantages 

 Can obtain a large population of similar cells. Most cellular characteristics are maintained 

 Can transform cells to grow indefinitely. 

Disadvantages 

 Cells have a tendency to differentiate over time in culture. Over time the culture tends to 

select for aberrant cell 

iv. Continuous Cell Line 
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 A cell line that has demonstrated the potential to be sub cultured indefinitely. 

 Infinite cell line 

 Immortal cells line 

 Immortalized cell lines are also known as transformed cells: 

 Cells whose growth properties have been altered.  

 Finite cell cultures will eventually either die out or acquire a stable, heritable mutation 

that gives rise to a continuous cell line that is capable of unlimited proliferative potential.  

 This alteration is commonly known as in vitro transformation or immortalization and 

frequently correlates with tumorigenicity. 

 Continuous cell lines are generally easier to work with than primary or finite cell 

cultures. These cells have undergone genetic 

alterations and their behavior in vitro may not 

represent the in vivo situation. 

Eg: HeLa Cells 

 It is Classic example of an immortalized cell 

line.  

 These are human epithelial cells from a fatal 

cervical carcinoma transformed by human 

papillomavirus 18 (HPV18).  

Advantages  

 Easy to maintain in culture. 

 Easy to obtain large population of cells. 

 Typically easy to manipulate gene expression. 

Disadvantages 

 The more aggressive the cell line the more it changes over time in culture. 

 Not clear how the function of these cells relates to that of other cells, healthy or diseased. 

Transformed Cells 

 Transformed, Infinite or Established Cell. 

 Changed from normal cells to cells with many of the properties of cancer cells. 

 Some of these cell lines have actually been derived from tumors or are transformed 

spontaneously in culture by mutations. 

 Chemical or gamma ray treated cells can become infinite with loss of growth factors 
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 Viral infection with SV40 T antigen can insert oncogenes and lead to p58 and RB gene 

alteration. 

 No matter how transformation occurred, the result is a cell with altered functional, 

morphological, and growth characteristics. 

 

 Characterization by Cell Growth 

a. Attachment Cultures 

 To survive and grow, most cells require a surface to which they can attach  Without the 

surface attachment these cells cannot survive 

 The advantages of adherent growth is the ability of the cells to adhere and spread on 

surfaces such as cover slips,  making microscopy, hydribidizations, and functional assays 

more easily performed. 

b. Suspension Cultures 

Some cells can survive and divide while being suspended in a fluid media and stirred or 

shaken.  

• Flasks • Spinner Cultures • Shaker Cultures 

A limited number of cell types can be maintained and grown in either format. The advantages 

of suspension growth are the large numbers of cells that can be achieved, and the ease of 

harvesting. 

c. Growing Cells in Culture 

 Place cells in a culture dish.  

 Give them nutrients, growth factors, keep them free from bacterial. 

 Cells will grow to cover the surface of the dish. 

 Can take cells out of this culture and start a new culture. 

 Splitting cells from one dish to another is a passage. Number of Cell Divisions 

 This ability to split cells and have them continue to divide is not without limits however. 

 Normal cells have a limit to the number of times which they can be passed in culture. 

 This number does vary from cell type to cell type, but commonly the limit is between 40 

and 60 passages. 

1.4.3. Plant as a Model System: 
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  1.4.3.1 Arabidopsis: The Model Plant: Arabidopsis thaliana is a small dicotyledonous 

species, a member of the Brassicaceae or mustard family. Although closely related to such 

economically important crop plants as turnip, cabbage, broccoli, and canola, Arabidopsis is 

not an economically important plant. Despite this, it has been the focus of intense genetic, 

biochemical and physiological study for over 40 years because of several traits that make it 

very desirable for laboratory study. As a photosynthetic organism, Arabidopsis requires only 

light, air, water and a few minerals to complete its life cycle. It has a fast life cycle, produces 

numerous self progeny, has very limited space requirements, and is easily grown in a 

greenhouse or indoor growth chamber. It possesses a relatively small, genetically tractable 

genome that can be manipulated through genetic engineering more easily and rapidly than 

any other plant genome.  

Arabidopsis, like all flowering plants, 

dehydrates and stores its progeny at ambient 

temperature for long periods of time. This fact, 

together with a newly developed means of creating 

gene knockout lines, has made many basic 

biologists realize that Arabidopsis may be the best 

model system for basic research in the biology of all 

multicellular eukaryotes. A complete knockout 

collection of Arabidopsis seeds can be housed in a 

room no larger than a closet; to create and store a 

similar library of knockouts for mouse, flies and worms would be much more lab or and 

space intensive. All together, these traits make Arabidopsis an ideal model organism for 

biological research and the species of choice for a large and growing community of scientists 

studying complex, advanced multicellular organisms. 

  1.4.3.2 Arabidopsis versus Plants of Economic Significance: In order to make the strides 

necessary to increase crop production in a relatively short time, we have to be able to move 

forward quickly and spend the available human and financial resources as efficiently as 

possible. This is the advantage of a model system: an organism that is easily manipulated, 

genetically tractable, and about which much is already known. By studying the biology of 

Arabidopsis, the model plant, we can gain comprehensive knowledge of a complete plant. In 

the laboratory, Arabidopsis offers the ability to test hypotheses quickly and efficiently. With 

the knowledge we gain from the model plant thus established as a reference system, we can 
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move forward with research and rapidly initiate improvements in plants of economic and 

cultural importance. 

One advantage offered to the plant researcher by Arabidopsis is its relatively small 

genome size. Many crop species have large genomes, often as a result of polyploidization 

events and accumulation of non-coding sequences during their evolution. Maize has a 

genome of approximately 2400 Mega base pairs (Mbp) – around 19 times the size of the 

Arabidopsis genome – with probably no more than double the number of genes, most of 

which occur in duplicate within the genome. The wheat genome is 16000 Mbp – 128 times 

larger than Arabidopsis and 5 times larger than Homo sapiens – and it has three copies of 

many of its genes. The large crop genomes pose challenges to the researcher, including 

difficulty in sequencing as well as in isolation and cloning of mutant loci. Genome may be 

missing some homologs of genes present in the rice genome. Despite this, most of the 

difference in gene number between Arabidopsis and crop species appears to result from 

polyploidy of crop species’ genomes, rather than from large classes of genes present in crop 

species that are not present in Arabidopsis. Therefore, the genes present in Arabidopsis 

represent a reasonable model for the plant kingdom. However, it is clear that Arabidopsis 

represents a starting point rather than the finish line for utilizing the full power of genomics 

for crop improvement. 

 

1.4.3.3 A Tradition of Arabidopsis Research: Arabidopsis has been the organism of choice 

for many plant biochemists, physiologists, developmental biologists and geneticists for 

several decades. In that time, a great deal of knowledge has been gained about the biology of 

this flowering plant. With the completion of the Arabidopsis genome sequencing project, we 

now have in hand the sequence of the approximately 25,500 genes in its genome. An 

extensive toolkit for manipulation has been developed over the last 20 years, including 

efficient mutagenesis, facile transformation technology, and DNA, RNA, protein, and 

metabolite isolation and detection methods. The biological reagents that have been made 

available to the community enable rapid research progress. Ongoing research within the 

community has resulted in working knowledge of many of the biochemical, physiological, 

and developmental processes of Arabidopsis. 

1.4.3.4 Technological Innovation and Education: The availability of a broad base of 

knowledge about Arabidopsis and the previously developed research toolkit invites scientists 

to establish new techniques, develop new approaches, and test new concepts in Arabidopsis 

prior to their application in other species. The novel technologies made available in this way 
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not only continually increase the efficiency of research done in Arabidopsis, but expose 

researchers, most importantly young scientists, to the most up-to- date methods in plant 

research, which they can apply to other species as they move forward in their career. 

 

 1.4.3.5. Arabidopsis Research Is the First Step in an Exciting Future of Plant 

Improvement: Much work remains to be done before the goal of complete knowledge of the 

biology of even one plant species comes to fruition. It is essential that the work leading to the 

achievement of this goal be done as quickly and efficiently as possible. When we have 

achieved this ambitious goal, we will have the power to predict experimental results and the 

ability to efficiently make the rational improvements in crop species that will lead to 

increased food production, environmentally friendly agricultural practices, new uses for 

plants, and even totally new plant-based industries. The most efficient way to gain this 

understanding is by exploiting the scientific and practical advantages of the model organism 

Arabidopsis thaliana. 

1.5 SUMMARY: 

 An animal model is a living, non-human animal used in research and investigation of human 

disease, for better understanding of the disease without the added risk to human being during 

the process. Many drugs, treatments and cures for human diseases have been developed with 

the use of animal models. There are three main types of animal models namely: Homologous 

animals have the same causes, symptoms and treatment options as would humans who have 

the same disease, Isomorphic animal’s sharing the same symptoms and treatments and 

Predictive animals which strictly display only the treatment characteristics of a disease.  

Selection of an appropriate model must be based on extensive familiarity with the problem to 

be studied. Animal models may be found throughout the animal kingdom, and knowledge 

about human physiology has been achieved in species like fruit fly for the original studies of 

basic genetics. Human is a complicated organism and unethical to do many kinds of 

experiments on human subjects. Animals which are humanely cared for are healthier; both 

physically and psychologically, and therefore make better, more predictable, subjects. Ethics 

and humane considerations can be viewed as integral parts of the process of experimental 

design and model selection. So biologists often use simpler “model” organisms that are easy 

to keep and manipulate in the laboratory. Despite obvious differences, model organisms share 

with humans many key biochemical and physiological functions that have been conserved 
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(maintained) by evolution and also   share similar genes because they have inherited them 

from common ancestors. 

While selecting the choice of species some important criteria of animal models general 

species characteristics such as life history parameters, behaviour and diet can be as important 

as physiological parameters in species choice. Many animal models are being used and 

developed for studies of biological structure and function in humans and animals. The models 

may be exploratory (aiming to understand a biological mechanism), explanatory models 

(aiming to understand a more or less complex biological problem) or predictive models (with 

the aim of discovering and quantifying the impact of a treatment). The majority of laboratory 

animal models may conveniently be categorized in one of the following five groups, of which 

the first three are the most important 1.Induced (experimental) disease models 2. Spontaneous 

(genetic) disease models 3. Transgenic disease models 4. Negative disease models and 5. 

Orphan disease models  

In Choosing the Right Model the selection of the laboratory species, breed, and strain to be 

used is one of the most important decisions to be made, and it should include consideration of 

non-animal methods. Over the years, many valuable non- animal models have been 

developed, refined, and extensively characterized. These models are useful in some types of 

research and testing, and they can often be used to supplement work with live animals. When 

experimental results have been generated in an animal model, they have to be validated with 

respect to their applicability to the target species, which normally is the human. The term 

"extrapolation" is often used to describe how data obtained from animal studies can reliably 

be used to apply to the human.  

For observing development and morphological analysis, for manipulating the embryo 

(experimental embryology) Amphibian (frog) and the Chicken with large egg size, 

accessibility of embryos, short development time and easy handling in the lab are considered 

advantageous. For Developmental genetics fruit fly (Drosophila), the zebrafish (Danio), the 

nematode worm (Caenorhabditis elegans) and the plant Arabidopsis thaliana,  are considered 

advantageous.  Mutant Organism and Cultured cells are also potential as models. 

 

1.6 KEYWORDS: 
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 Mutant Organism, Animal Models, Model organisms, Disease models, Spontaneous 

disease models, Induced disease models, Transgenic Disease models, Arabidopsis 

thaliana, HeLa Cells. 

 

1.7 QUESTIONS FOR SELF STUDY 

1. Explain the role of animal models in scientific research. 

2. Write a note on important factors to be considered during selection of an animal model 

3. Explain different types of disease models. 

4. Explain different Model organisms used in scientific research. 

5. Discuss the role of cultured cells and mutants as research models. 

6. Explain the significance of plant as a model system with an example. 

7. Discusses the method of choosing the Right Model during designing an experiment. 

 

1.8 REFERENCE FOR FURTHER READING 

1. Aaron Z. Fernandis university of Singapore, Singapore. Manuals in Biomedical 

Research - Vol. 3. 

2.  A manual for biochemistry protocols Markus R. Wenk. 

3. Dr.Geetu GambhirAcharya Narendra, Dev College. Chromatography (A Refresher 

Course CPDHE)  

4. Marian Horgan-mccan , The Physical Sciences Initiative.  

5. Dr.Mark.L.Moskovitz Column chromatography with dynamic adsorbent. Ink, 

5. Biophysical chemistry, Upadhyaya, A., Upadhyaya, K. and Nath, N. Himalayan 

Publishing House. 

6. Practical biochemistry- Principles and Techniques. Wilson and Walker. J.Cambridge 

Uni.Press. 

7. Physical Biochemistry-David Freifelder, 2
ns

 Edition. 

8. Principles of Instrumental Analysis. 5
th

 Ed. Douglas A Skoog, James Holler and 

Timothy A Nieman. 

 



Unit-2: General principles of chromatographic techniques 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-2 Page 36 

 

BLOCK 1: Chromatography 
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General principle of chromatographic techniques, Paper chromatography: 
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2.0 OBJECTIVES: After studying this unit, you should be able to: 

 Prepare a paper chromatogram.  

  Separate pigments of spinach leaves by paper chromatography  

  Calculate the Rf values for various photosynthetic pigments 

 Describe General Principles of Chromatography 

 

2.1 INTRODUCTION TO CHROMATOGRAPHY 

At the beginning of the twentieth century, the Russian botanist Mikhail Tswett invented and 

named chromatography. He separated plant pigments by passing solution mixtures through a 

glass column packed with fine particles of calcium carbonate. The separation of those 

pigments appeared as colored bands on the column. Tswett named his separation method for 

the two Greek words “chroma” and “graphein,” which mean “color” and “to write,” 

respectively (Skoog et al., 1998). In the past six decades, chromatography has been 

extensively applied to all branches of science. The 1952 Nobel Prize in chemistry was 

awarded to A. J. P. Martin and R. L. M. Synge for their contributions to chromatographic 

separations, which tremendously impacted chemistry-related sciences. More impressively 

between 1937 and 1972, a total of 12 Nobel Prizes were based on working which 

chromatography was a key tool. In all chromatographic separations, the sample is carried by 

the mobile phase, which may be a gas, a liquid, or a supercritical fluid. The mobile phase is 

then percolated through an immiscible stationary phase that is fixed on a solid substrate. 

When the sample passes through the stationary phase, species are retained to varying degrees 

as a result of the physicochemical interaction between the sample species and the stationary 

phase. The separation of species appears in the form of bands or zones resulting from various 

retentions. Chemical information can thus be analyzed qualitatively and/or quantitatively on 

the basis of these separated zones. Based on the physical means by which the stationary phase 

and mobile phase are brought into contact, chromatography can be classified as planar or 

column (Giddings, 1991). In planar chromatography the stationary phase is supported on a 

flat plate or a piece of paper, while the mobile phase is usually driven by capillary force, 

gravity, or an electric field. In a few cases, the mobile phase is forced under pressure, for 



Unit-2: General principles of chromatographic techniques 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-2 Page 38 

 

example, in overpressure planar chromatography. When a tube holds the stationary phase, the 

chromatographic method is referred to as column chromatography. In column 

chromatography, the mobile phase is driven by pressure, gravity, or an electric field.  

Because of its astonishing separation power, column chromatography has become the most 

frequently practiced means of analytical separation. Three types of mobile phases are used in 

column chromatography: liquids, gases, and supercritical fluids. Among these three types, 

liquids are the most frequently used. Therefore, LC is the predominant technique used in 

modern analytical separations. Early LC was operated in glass columns, and the mobile phase 

was driven by gravity. To ensure a reasonable flow rate (F), the column was packed with 

large particles in the 150 to 200 μm range. Such packing yielded poor results with long 

separation times, often several hours. Beginning in the late 1960s, small particles were 

packed in a steel tube, which was subjected to high pressure. Such a system dramatically 

improved the separation power of column chromatography; in the early years, “HPLC” stood 

for “high pressure liquid chromatography”. Three to ten micrometers particle diameter (dp) 

are commonly used as stationary phases in HPLC. Separation can thus be done in a high-

performance mode, which means high resolution and short analysis time. Therefore, these 

newer procedures are termed “high-performance liquid chromatography” to distinguish them 

from the earliest methods. 

Basic Chromatographic terminology 

 Chromatograph: Instrument employed for a chromatography.   

 Stationary phase: Phase that stays in place inside the column. Can be a particular solid or 

gel-based packing (LC) or a highly viscous liquid coated on the inside of the column (GC).   

 Mobile phase: Solvent moving through the column, either a liquid in LC or gas in GC. 

 Eluent: Fluid entering a column.  Eluate: Fluid exiting the column. 

 Elution: The process of passing the mobile phase through the column. 

 Chromatogram: Graph showing detector response as a function of a time. 

 Flow rate: How much mobile phase passed / minute (ml/min). 

 Linear velocity: Distance passed by mobile phase per 1 min in the column (cm/min). 

 Bed volume (Vt) is the total volume inside the column.  

 Void volume (V0) is the volume of solution not trapped in the beads.  
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 Internal volume (Vi) is the volume of solution trapped in the beads.  

 Volume of the gel matrix (Vg): Vt = V0 + Vi + Vg.  

 Elution volume (Ve) is the volume necessary to elute a substance from the column. 

2.2 GENERAL PRINCIPLES OF CHROMATOGRAPHY: 

2.2.1 The partition principle: Partition chromatography 

When a solute is allowed to equilibrate itself between two equal volumes of two immiscible 

liquids, the ratio of the concentration of the solute in the two phases at equilibrium at a given 

temperature is called the partition coefficient. A mixture of substances with different partition 

coefficient can be quantitatively separated by a technique known as countercurrent 

distribution, first developed by L.C.Craig, in which many repetitive partition steps take place. 

 Partition chromatography is logical extension of the countercurrent partition principle for 

achieving chromatographic separation of mixtures. The technique, originally developed by 

A.J.P Martin and R.L.M synge has since been applied to an enormous number of separations. 

The separation is achieved in a huge number of partition steps which takes place on 

microscopic granules of hydrated insoluble inert substances, such as starch or silica gel 

packed in a column or layered on a plate, or the granules of cellulose in paper. The granules, 

through inert, are hydrophilic and as such are surrounded by a layer of tightly bound water. 

This tightly bound water, since it is immobilized, serves as the stationary phase. On the 

surface of this stationary phase flows, the mobile phase of an immiscible solvent containing 

the mixture to be separated. The solute molecules are subjected to microscopic partition 

processes between the immobilized water layer and the flowing solvent. Since the process 

takes place on the surface of each granule the number of partition steps is so great that the 

substances move along the column or surface at a different rate as the mobile phase flows 

through it. 

The principle of partition is exploited in gas/liquid chromatography (GLC) technique also. 

Separations depend upon the partition of the solute molecules between a liquid supported on 

a suitable solid, and the gas flowing through the system. 

In true partition chromatography, the only factor which influences the movement of a 

compound as the solvent travels along the stationary of that compound in the two phases. 

Substances more soluble in the mobile phase will migrate greater distances as compared with 
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the substances more soluble in the stationary phase. Other compounds of intermediate 

solubility between the two phases will migrate to intermediate distances depending upon their 

partition coefficient. 

2.2.2. Adsorption chromatography: 

Substances differ in their adsorption-desorption behavior between a moving solvent (a liquid 

or a gas) and a stationary solid phase. This behavior of a substance can be exploited to 

achieve its separation. Adsorption is a surface phenomenon which signifies a higher 

concentration at an interface as compared to that present in the surroundings medium. 

Adsorption should not be confused with absorption, which signifies the penetration of one 

substance into the body of another. 

For the purpose of chromatography, the term adsorption has limited meaning; it usually 

denotes interactions involving hydrogen bonding and weaker electrostatic forces of the 

substances with the adsorbent. The solute molecule which interacts more with the adsorbent, 

which is also the stationary phase, is retarded more while less interacting solute molecules are 

retarded less. In this way a separation of sample components is achieved. 

2.2.3. Ion-exchange chromatography: 

This procedure was first developed by W. Cohn and maybe defined as the reversible 

exchange of ions in solution with ions electrostatically bound to some sort insoluble support 

medium. The ion exchanger consists of an inert support medium coupled covalently to 

positive (anion exchanger) or negative (cation exchanger) functional groups. To these 

covalently bound functional groups are bound, through electrostatic attraction, oppositely 

charged ions which will be exchanged with like charged ions in the sample. Thus if anion 

exchange chromatography is performed, negatively charged sample components will interact 

more with the stationary phase and will be exchanged for like charged ions already bound to 

the matrix. These sample ions will be retarded whereas other uncharged or positively charged 

ions will not be retarded to the same degree and will be eluted out fast. The situation will be 

exactly reversed for cation exchange chromatography.   

2.2.4. Molecular size: Gel-filtration chromatography 

This technique exploits the molecular size as the basis of separation. The support medium, a 

gel, consists of porous beads where pore size is strictly controlled. Macromolecules smaller 
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than the pores get entrapped in the pores (and move slowly), while those bigger than the 

pores travel unhindered through the column (and elute out faster than the smaller molecules). 

Thus the main interaction between the solute and the stationary phase is with respect to the 

size and this is ultimately the basis of separation also. This technique is also used to 

determine relative molecular weight of an given macromolecule.  

2.2.5. Affinity chromatography: 

The technique utilizes the specificity of an enzyme for its substrate (also receptor for its 

agonist, antibody for antigen) or substrate analogue for enzyme’s (other proteins with 

biological specificity) separation. A substrate analogue is coupled to the gel matrix and the 

cellular suspension is allowed to percolate through. The enzyme which is specific for the 

substrate analogue binds to the gel becoming immobile while all other components move 

down and out. The technique has high resolution power.  

 

 

 

 

 

 

 

 

 

 

 

2.3 PAPER CHROMATOGRAPHY: 

In paper chromatography, the mobile phase is a solvent, and the stationary phase is water 

held in the fibers of chromatography paper. Solution of the mixture to be separated is spotted 

onto a strip of chromatography paper (or filter paper) with a dropper. The solvent moves 

through the paper due to capillary action and dissolves the mixture spot. The components of 

the sample start to move along the paper at the same rate as the solvent. Components of the 

mixture with a stronger attraction to the paper (stationary phase) than to the solvent will 

Table: 2. 1: The various types of Chromatography Technique 
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move more slowly than the components with a strong attraction to the solvent (mobile phase). 

The difference in the rates with which the components travel along the paper, over time, leads 

to their separation. Particular mixtures will have chromatographic patterns that are consistent 

and reproducible as long as the paper, solvent, and time are constant. This makes paper 

chromatography a qualitative method for identifying some of the components in a mixture.  

  

Principle: This  technique  is  a  type  of  partition  Chromatography  in  which  the  

substance  are distributed between two liquids i.e.  one is stationary liquid which is held in 

the fibers of the paper and called stationary phase and other is the moving liquid or 

developing solvent and called the moving phase. The components of the mixture to be 

separated migrate at different rates and appear as sports at different point on the paper.  

In this technique a drop of the test solution is applied as a small spot on a filter paper and the 

post is dried. The paper is kept in close chamber and the edge of paper is dipped into a 

solvent called developing solvent.  As the  filter  paper  gets  the  liquid  through  its capillary 

axis and when it reaches the spot of the test solution, the various substances are moved  by  

solvent  system  at  various  appends.  When reached or travelled to a suitable length the 

paper is dried and spot are visualised by suitable reagents called visualizing reagents. The 

movement of substance relative to the solvent is expressed in terms of RF values i.e. 

migration parameters. 

Migration parameters: The positions of migrated spots on the Chromatogram are indicated 

by terms such as RF, Rx, and RM. 

RF: The R is related to the migrations of solute front from solvent front. 

RF = distance travelled by the solute from the origin line distance travelled by the solvent 

from the origin line. 

R is a function of partition coefficient. It is constant for a given substance provided the 

conditions of the Chromatographic system are kept constant, with respect to temperature, 

type of paper, duration and direction of development, amount of liquid in the reservoir, 

humidity etc. i.e. quality of paper I this case 

 Nature of mixture. 

  Temperature and, 

  The size of the vessel in which the operation is carried. 
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Rx:  In some cases the solvent front runs off the end of filter paper, the movement of 

substance is expresses as Rx. 

Rx = Distance travelled by the substance from the origin line/distance travelled by the 

standard substance from the origin line. 

RM: The term RM is additive and is composed of the partial RM values of the individual 

functional groups of atoms in molecule. 

                                                           RM = Log [1/ RF – 1] 

TYPES OF PAPER CHROMATOGRAPHY: 

2.3.1. Ascending Chromatography:  

When the development of the 

paper is done by allowing the 

solvent to travel up the paper it is 

known ascending technique. In the 

ascending mode of development 

the paper is suspended so that the 

lower edge is below the level of 

the solvent, and the solvent moves 

up via capillary action. An 

alternative to suspending the paper 

was to form a self-supporting 

cylinder from the paper.  As with 

TLC, multiple developments, with 

either the same or different 

solvent, was used to improve resolution, although the time taken for each development must 

have made this especially tedious to perform. 

Both ascending and descending technique have been employed for separation but descending  

technique  is  preferred  if  the  RF  values  of  various  constitutions  are almost same. 

 

2.3.2. Descending Chromatography:  

 

Fig.2.1 Ascending Chromatography 
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When  the  development  of  the  paper  is  done  by  allowing  the  solvent  to  travel down 

the paper it is known descending technique. The advantage of descending technique is that 

the development can be continued indefinitely even though the solvent runs off at the other 

end of paper. The descending method of chromatogram development was that originally 

proposed by Martin and his co-workers. In descending paper chromatography the upper end 

of the paper is immersed in a solvent contained in a suspended trough so that the Sow, 

initiated as in the ascending mode 

by capillary action, is sustained by 

gravity and will continue so long 

as there is solvent to feed it. This 

had the useful consequence that a 

sheet of any (practical) length 

could be used. In addition, the 

solvent could be allowed to run 

off the end of the paper, thus 

extending the chromatographic 

run if needed to improve 

resolution, or enabling compounds 

to be eluted from the paper and 

collected for further experiments. 

The results obtained for a particular sample/solvent system combination run in either 

ascending or descending mode were 

usually similar; however, the latter 

was generally faster. 

2.3.3. Ascending - Descending 

Chromatography: 

It is a hybrid of two techniques. The 

upper part of ascending 

chromatography can be folded over 

a glass rod allowing the descending 

development to change over into the 

descending after crossing the glass 

rod. 

 
Fig.-2.3 Ascending - Descending Chromatography 

 

 

Fig.2.2 Descending Chromatography 
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2.3.4. Circular/ Radial Paper Chromatography: 

This is also known as circular paper chromatography. In this technique a circular filter paper 

is employed, various materials to be analyzed are placed in a centre. After drying the spot the 

filter paper is fixed horizontally on pet dish possessing solvent,  so  that  tongue  of  paper  

dips  in  solvent  when  solvent  front  has  moved through  a  sufficient  large  distance  the  

components  gets  separated.  Forming concentric circular spots. 

 

 

 

 

 

 

 

2.3.5. Two-dimensional Separations on Paper 

Where separations were not achieved in a single development, it was often possible to 

achieve the desired result using a second solvent system of different composition and 

development in a second dimension at 903 to the original direction of chromatography. Two-

dimensional paper chromatography was described by Consden, Gordon and Martin for the 

separation of 20 amino acids, but was subsequently widely employed. An additional 

possibility was the use of paper chromatography in one direction with paper electrophoresis 

(both high and low voltage) in the second. Indeed, there are numerous examples in the 

literature of either chromatography followed by electrophoresis or electrophoresis followed 

by chromatography. 

 

 

 

 

Fig.2.4 Circular Paper Chromatography (Radial) 

 



Unit-2: General principles of chromatographic techniques 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-2 Page 46 

 

Procedure for paper chromatography: 

 Choice of the proper chromatographic technique:  

The choice of technique is depends upon the nature of 

substances to be separated. 

 Choice of filter paper: 

 Whether the paper is being used for quantitative or 

qualitative analysis. 

 Whether it is used for analytical or preparative 

chromatography. 

 Whether substance used are hydrophilic or lipophilic 

neutral or charged species. 

 Proper developing solvent: 

The choice of this depends upon the simple fact that RF 

values should be different for different constituents present in 

mixture. A solvent or mixture of solvent, which gives a RF 

0.2 – 0.8 for sample, should be selected. The solvent are listed 

in order of increasing polarity in table 2.2 

Rf Values: 

The distance a substance travels related to the distance the 

solvent travels is called the Rf value. The Rf value can be 

calculated by measuring the distance of the substance from its starting point in millimeters, as 

well as the distance the solvent travelled from its starting pointing millimeters, then dividing 

the substance distance by the solvent distance.  

 

 

The equation is: It does not matter if the solvent moves 10 mm or 100 mm, the Rf value of a 

substance will remain the same. For example the average Rf value for a dye called 

“methylene blue” is 0.50.SO, that means if the substance moved 5 mm, the solvent moved 10 

mm. It also means if the substance moved 50 mm, the solvent moved 100 mm.  

Applications: 

Table: 2.2 : Solvent Listed 

In Order 

of Increasing Polarity 

 

Solvent 

n-hexane 

Cyclohexane  

Carbon tetrachloride 

Benzene 

Toluene 

Trichloroethylene 

Diethyl ether 

Chloroform 

Ethyl acetate 

n-butanol 

n-propanol 

Acetone 

Ethanol 

Methanol 

Water   



Unit-2: General principles of chromatographic techniques 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-2 Page 47 

 

Paper chromatography is widely used for qualitative analysis of inorganic, organic and 

biochemical interests. It is also useful is analysis of mixture of amino acid and mixture of 

sugars. Given the importance of paper chromatography in its heyday, a list of its applications 

covers all types of analytes, including proteins, peptides, amino acids, poly-, oligo-, di- and 

monosaccharides, natural products, sterols, steroids, bile acids, pigment, dyes and inorganic 

species. 

2.4. SUMMARY:  

Chromatography is a method of analysis by which components of a mixture are separated by 

redistribution of molecules of mixture between two or more phases. It is used for purification, 

separation and preparation purposes. Phases in chromatography are Stationary phase and 

Mobile phase. One of the methods of classification of chromatographic techniques is based 

on state of matter of stationary and mobile phases. Another method of classification is based 

on principles. General classification contains different well known methods. Different 

principles of chromatography are adsorption, partition, ion exchange, exclusion. 

Diagnostically important method of chromatography is paper chromatography, which is used 

for separation of serum amino acids. Other methods are also clinically useful. Paper 

Chromatography is a method used to separate mixtures into their different parts. Paper 

chromatography has been most commonly used to separate pigments, dyes and inks. To do 

paper chromatography you need paper with a lot of cellulose fiber (fiber found in wood) and 

chromatography solution, which is usually made from a mixture of water and alcohol. Paper 

chromatography works because inks usually contain several different colors. Ink 

manufacturers mix different amounts of primary colors like blue, red and yellow to make 

many other colors. During paper chromatography, we can separate basic colored inks that 

contain different ingredients because some inks are more attracted to the paper and some are 

more attracted to the alcohol or water.  

2.5 KEYWORDS:  

Chromatography, Partition chromatography, Adsorption chromatography, Ion-

exchange chromatography, Molecular size, Gel-filtration chromatography, Affinity 

chromatography, Paper chromatography.  

2.6 QUESTIONS FOR SELF STUDY 
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1.  What is chromatography? Add note on different methods of classification. 

2.  What are the four different types of chromatography?  

3.  What is the responsibility of the solvent in paper chromatography?  

4.  What is the Rf value? How is it determined?  

5.  List three uses of chromatography. 

6. Give the formula for calculation of Rfvalue. 

7. Classify stationary phase liquids in paper partition chromatography. 

8. What are applications of paper chromatography? 

9. Write the general principles of Partition chromatography, Adsorption chromatography, 

Ion-exchange chromatography, Molecular size: Gel-filtration chromatography, Affinity 

chromatography? 

10. Write the order of solvent listed in order to increasing polarity? 
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3.0 OBJECTIVES 

After studying this unit you will be able to  

 Understand  principle behind Thin Layer Chromatography (TLC) 

 Understand different types of Thin Layer Chromatography (TLC).  

  Select a suitable solvent system for use in separation by thin‐layer chromatography.   

 

3.1 INTRODUCTION:  

One of the first steps in scale-up of preparative liquid chromatography separations is 

selection of an appropriate mobile phase. Two methods are commonly used to determine the 

proper mobile phase composition: Thin Layer Chromatography (TLC) or High Performance 

Liquid Chromatography (HPLC). The use of TLC will be discussed here to deal with the 

successful correlation between the TLC separations to the preparative silica column. 

TLC is a liquid-solid adsorption technique where the mobile phase ascends the thin layer of 

stationary phase coated onto a backing support such as glass by capillary action. There is a 

similar relationship to column chromatography where the solvent travels down through the 

column’s adsorbent. The similar relationship allows TLC to be a rapid method for 

determining solvent composition for preparative separations. 

Adsorption chromatography depends upon interactions of different types between Solute 

molecules and ligands immobilized on a chromatography matrix. The first Type of 

interaction to be successfully employed for the separation of macromolecules was that 

between charged solute molecules and oppositely charged moieties covalently linked to a 

chromatography matrix. The technique of ion exchange Chromatography is based on this 

interaction. 

Ion exchange is probably the most frequently used chromatographic technique for the 

separation and purification of proteins, polypeptides, nucleic acids, polynucleotide’s, and 

other charged bimolecular. The reasons for the success of ion Exchange are its widespread 

applicability, its high resolving power, its high capacity, and the simplicity and controllability 

of the method. 

The purification and separation of Antibodies is an important chromatographic Procedure and 

ion exchange chromatography, which uses a charged ligand bound to the Stationary phase, is 

often used. The proteins are sent through the column and depending On their charge, adjusted 

by ph, they interact differently to the stationary phase. By changing the mobile phase so that 
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more Counter ions are present the proteins elute in Order of increasing interactions with the 

Stationary phase. The benefits of ion exchange Chromatography are that it has a high 

Throughput, the column has a long lifespan and it is a well-known method. However it is a 

Labor intense procedure since the Optimization is time consuming and involves several 

parameters. In a process, the most important parameters to optimize towards are Recovery 

and speed. This work tries to find a way of developing an efficient procedure by using Design 

of experiments in order to find more Information from fewer experiments. Immunoglobulin 

G (IGg) and Bovine serum Albumin (BSA) are separated on a strong Anion exchanger using 

a linear salt gradient. The optimization aims mainly towards Finding a good degree of 

separation but also the efficiency of the column is investigated. 

In gel filtration chromatography, commonly referred to as size exclusion chromatography 

(SEC), microscopic beads which contain tiny holes are packed into a column. When a 

mixture of molecules is dissolved in a liquid and then applied to a chromatography column 

that contains porous beads, large molecules pass quickly around the beads, whereas smaller 

molecules enter the tiny holes in the beads and pass through the column more slowly. 

Depending on the molecules, proteins may be separated, based on their size alone, and 

fractions containing the isolated proteins can be collected. 

3.2. THIN LAYER CHROMATOGRAPHY (TLC): 

Izamailov and Shraiber first discovered thin layer chromatography in 1938. It was further 

developed by Meinhard and Hall in 1949, Kirchner, Miller and Keller in 1951, Mottier in 

1952 and Reitsema in 1954. In 1958, precise work was carried out by E.Stahl. 

Definition:-  

Chromatography using thin layers of an adsorbant held over a supporting medium like glass 

plate is called as Thin layer chromatography. 

       Types of T.L.C based on principles: 

1) Adsorption T.L.C. 

2) Partition T.L.C. 

3) Ion exchange T.L.C. 

4) Thin layer electro chromatography. 
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Principle 

 In adsorption T.L.C., components of the mixture separate by differential adsorption by the 

adsorbant. In partition, components of the mixture separate by differential solubilities 

between the stationary and mobile phase liquids. Thus, components of the mixture separate 

between the two phases. 

Requirements:- 

1) Glass plates/Microscope slides/Plastic sheets/Aluminium foils. 

2) Materials for producing thin layer of adsorbant/ support for stationary liquid phase. 

3) Applicator (Stahl’s applicator) 

4) Developing chamber, capillaries, micro pipettes or micro syringes. 

5) Solvents. 6) Detecting reagents. 

1) Glass plates:  

For producing a thin layer, a support is needed. It is provided by a glass plate. Previously 

coated sheets are also commercially available. Previously coated sheets are coated 

microscope slides or glass plates or plastic sheets or Aluminium foils. 

2) Material for producing thin layer:  

Common adsorbants used in T.L.C are silicagel, alumina, kiselguhrand cellulose powder; 

Plaster of Paris (Calcium Sulphate) is used as binding agent. 

3) Applicator:  

Applicator is a device used to produce a thin layer of the adsorbant material over the plate. 

Some of the several types of commercial applicators available are 1) Stahl’s original 

applicator. 2) Stahl’s model 11-S applicator. 3) Stahl’s G.M applicator. 4) Sample 

Fig.3.1.Thin layer chromatography 
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applicator. Capillaries, Micropipettes or Micro syringes are used to apply sample on 

chromatoplates. 

4) Developing chamber: 

 Developing chamber can be a cylindrical chamber made of glass - beaker etc. Different jars 

are proposed by Geiss Schlitt, Ritter, Weimar, Brenner and Niederwieser, Weil and Rybicka 

and others. Baby food jars or glass beakers covered with aluminium foil can also be used. 

5) Solvent:  

Almost all the solvents used in paper chromatography and column chromatography can be 

used in T.L.C. ex: Petroleum ether, Benzene, Chloroform, Ether, Acetone, Ethyl alcohol, 

Methyl alcohol, Water, Glycerine etc. 

6) Detecting reagents: 

 Physical and chemical properties can be useful for detection of the spots fractionated from 

mixture. U.V. light can also be used in some cases. 

Procedure: 

Steps involved in T.L.C are- 

1) Production of thin layers on plates. 2) Application of sample on the plates. 

3) Development. 4) Detection. 5) Calculation of Rf Values. 

1) Production of thin layers on plates: 

Slurry of coating material is prepared and thin layers can be prepared with or without special 

equipment. With Use of Special Equipment: With Stahl’s original applicator, 0.25 mm thick 

layers can be prepared. 0.25-2 mm thick layers can be prepared with Stahl’s 11-S applicator. 

Gradient layers can be prepared with Stahl’s G.M. applicator. 

Methods of production of thin layers are:- 

1) Spreading. 2) Pouring. 3) Dipping. 4) Spraying. 

2) Application of sample on chromatoplates: 

0.1 to 1% solutions of the samples are applied as single spots about 2cm from the edge by 

means of capillaries, micropipettes or micro syringes etc. Amount of sample to be applied 

depends upon- 

1) Thickness of layer. 2) Principle of chromatography used. 

Ex:-50-500 mg sample can be applied on 25 mm thick layer. 

3) Development:  

There are different methods of development by which components of the mixture are 

fractionated in T.L.C. They are – 

a) Ascending / descending development b) Horizontal development 
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c) Multiple developments d) Step wise development e) Gradient development 

f) Continuous development g) Two dimensional development 

Ascending development is normally used. In this method, sample is spotted at one end. Plates 

are placed vertically in a container saturated with developer vapour. They are placed with the 

sample line just above the solvent level. Solvent moves upwards causing fractionation of the 

components of mixture. Process of development is also called as elution. After the 

development is completed, plate is removed from the solvent and dried. It is called as 

chromatoplate. 

4) Detection:  

Detection of the fractionated components can be visual if they are coloured. Their physical 

properties can also be made use of for detecting. Chemical method of detection can be done 

by spraying with a locating reagent. Auto radiography can also be used. 

5) Calculation of Rf values: 

 Rf values can be determined by measuring the distances traveled by fractionated components 

and solvent front and substituting in the formula  

 

Determination of Rf value can be useful for 

qualitative identification. Rf values of standards 

can be useful for quantitative determination. 

The position of a substance zone (spot) in a thin-

layer chromatogram can be described with the aid 

of the retardation factor Rf. This is defined as the 

quotient obtained by dividing the distance between 

the substance zone and the starting line by the 

distance between the solvent front and the starting 

line. 

Applications: T.L.C is used in 

1) Drug analysis.  2) Analysis of natural 

products. 

3) Detection of trace pesticides in water. 

4) Identification of metabolites of drugs in 

excreta. 

 
Fig. 3.2 Colour bands formed on 

chalk 
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5) Analysis for presence of poisons. 

6) Separation of vitamins.  

7) Qualitative and quantitative analysis of biological fluids for the diagnosis of disease. 

 

3.3 Adsorption Chromatography 

The technique of chromatography was introduced as early as 1906 by a Russian scientist 

Michael Tswett. He used a column of calcium carbonate (CaCO3) for separation of leaf 

pigments. This technique was called as ‘adsorption chromatography. 

Experiment 1 (on adsorption chromatography):  

Take a white chalk. Engrave a circular ridge on it about 1 cm from the end. 

In the ridge add 4-5 drops of micro tip black ink (of trademark PIKR) in a circular fashion. 

Allow the ink to dry for a minute. In a small container (plate or beaker) pour a few milliliters 

of tap water and vertically place the chalk inside. Ensure that the ink mark is above the water 

level. Let the water run through the chalk column and reach the top. Observe various colored 

bands. 

The following concepts can be discussed now. 

1. Ink is composed of many different color components. 

2. These ink components differ from each other in their adsorptive properties. 

3. These components also show differential polarity. 

The above experiment can be further modified in various ways: 

1. Using other polar/non-polar solvents like ethanol, acetone, and ether. 

2. Using inks from different manufacturers. 

3. Using some other inert adsorbent 

material. Eg. Starch. After doing these 

simple experiments and collecting the 

data, the following questions can be 

asked: 

1. Why does one get good separation 

with water, alcohol, etc. and poor 

separation with ether? 

2. What information do we get about the 

nature of the ink components in terms of 

polarity/non-polarity? 

Fig.2.chalk with ridge 

 

Fig.3.3 Starch powder on a petridish 
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3. What kind of separation do we get from red or blue ink? Why? Adsorption 

chromatography can also be performed using another easily available adsorbent material 

namely starch used at homes for clothes (e.g. Revive starch). 

Experiment 2. 

 Take 3 tea spoons full of starch powder in a dry flat plate or a glass petridish. Tap or shake 

gently to spread it in the plate in such a way that the thickness gradually decreases from edge 

to centre   of the plate. It forms a wedge. Add 1-2 drops of ink. Allow it to dry for 1-2 

minutes. 

  In a glass dropper/capillary/pipette, take a few milliliters of a solvent such as alcohol. Add a 

drop of this solvent on the ink spot. Slowly go on adding the solvent drop wise till the ink 

separates into its colored components. You can slightly tilt the plate while adding the solvent. 

This procedure is also called as wedge-shaped chromatography’. 

 

3.4. ION EXCHANGE CHROMATOGRAPHY: 

Chromatographic method by which ions of similar properties are separated due to ion 

exchange is called as ion exchange chromatography. Ion exchange is the process of exchange 

of ions of like sign between a solution and ion exchange resin. Ion exchange resins consist of 

beads of highly polymerised, cross linked organic materials. These materials consist of large 

number of acidic or basic groups. Many other natural and synthetic substances also cause ion 

exchange. Anion exchangers exchange anions and cation exchangers exchange cations. 

Properties of ion exchangers:-  

Colour, Density, Mechanical strength, Particle size, Cross linking, Swelling, Porosity, 

Surface area, Chemical resistance etc. 

Requirements of a good resin: 

1) It must be sufficiently cross linked. 

2) It must be sufficiently hydrophilic. 

3) It must be chemically stable. 

4) Number of accessible ion exchange groups contained must be sufficient. 

5) Density of swollen resin must be greater than 1. 

There are two types of ion exchange resins namely Cation exchangers  and Anion exchangers  
 

 

Fig.3.4.(a) Cation and anion resin. 

(a)

) 
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I) Cation exchangers: 

1) Natural Inorganic anion exchangers: 

Examples are zeolites and clay. 

2) Natural organic cation exchangers:  

Examples are peat, natural sulphanated coal 

and wood. 

3) Synthetic Inorganic cation exchangers:- 

MgO, SiO2, Al2O3, SiO2
-
Al2O3. 

4) Synthetic organic cation exchangers: 

Polymeric resin matrix containing acidic 

exchange sites. 

 

II) Anion exchangers: 

1) Natural Inorganic anion exchangers: Ex: 

Dolomite. 

2) Synthetic Inorganic anion exchangers: Ex: Heavy metal silicates. 

3) Synthetic organic anion exchangers: Ex: Polymeric resin matrix containing basic exchange 

sites. 

 

Types of ion exchange resins on the basis of functional groups contained: 

There are two important types of Ion exchange resins. 

1) Acid Resins. (Cation exchange resins), 2) Basic Resins. (Anion exchange resins) 

1) Acid resins:  

Acid resins contain acid functional groups. They give rise to common functional groups as –

SO3H, - COOH, -OH, - SH and –PO3H2.They are further divided into 

a) Strong acid resins b) Weak acid resins. 

a) Strong acid resins:  

These are prepared by nuclear sulphonation of crosslinked polystyrene. They are effective 

over extra range of pH in both acid and salt forms. They contain sulfonic acid groups as 

ionisible groups. They are useful for fractionation of amino acids, vitamins, lanthanoids etc. 

b) Weak acid resins: 

 

(b)  

Fig 3.4. (b) Movement of resin in column. 
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 They are polymers of methacrylic acid. They possess carboxyl groups. They are effective in 

the pH range of 5 to 14. They are useful for fractionation of transition elements, antibiotics 

etc. 

2) Basic Resins:  

They contain basic functional groups. They give rise to common functional of groups as –NH 

2,-NHR, and met-NR3. 

Anion exchange resins are further divided into 

a) Strong basic reasons b) Weak basic reasons. 

a)Strong basic resins:- 

 They are resins with positively 

charged quaterinary ammonium groups 

attached to cross linked polystyrene 

frame. They are ionized they offer 

wide range of pH. i.e.- O -12. Ex: 

Trimethyl ammonium groups. They are 

useful in fractionation of halogens, 

alkaloids, B-complex vitamins, fatty 

acids etc. 

(b) Weak basic resins: 

 Tertiary amine resins and polyamine 

polystyrene resins belong to this class. 

Polyamine polystyrene resins are 

mixtures of primary, secondary and 

tertiary groups on the polystyrene 

network. Tertiary amines are effective 

between 0-9 pH. Polyamine resins are effective between 0-7 pH. They are useful in the 

fractination of anionic complexes of metals, anions of different valancies, vitamins and amino 

acids. 

Principle:  

Separation of the components of a mixture takes place by Ion exchange Ion exchange takes 

place between ion exchange resins and solutions of ionized material.An anion exchange resin 

contains amine or quaternary ammonium groups as part of the resin and also anions like Cl
–
, 

SO4
–
2, and OH

–
etc in equivalant amount.When an anion exchange resin is treated with 

hydrochloric acid, substitutedammonium cations are produced. 

 

Fig.3.5. Gel Filtration Chromatography 
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R-NH2 + HCl -----> RNH3+Cl
–
(Anion exchanger) 

When it is further treated with solution of any ionisable material, ion exchange takes place as 

follows. 

RNH3+Cl
–
+ Na

+
+ OH–—> RNH+3 OH

–
+Na

+
+ Cl

–
2RNH3+Cl

–
+ 2H

+
+ SO4–—> (R-

NH3
+
)2SO4

––
+ 2H2O 

A cation exchange resin contains sulphonic, or carboxylic or phenolic groups as the part of 

the resin and also cations in equivalent amount. When a cation exchange resin is treated with 

5% HCL, resin is converted into acid form (RSO3
–
) H

+
. When NaCl is passed through 

hydrogen form of the resin H
+
 ions will be replaced by Na

+
ions.(R SO3

–
)H

+
 + Na

+
 <----->  

(RSO3
–
) Na

+ 
+ H

+
 

For each equivalent of sodium ion one equivalent of Hydrogen ion is freed. 

Equilibrium position depends on, 

a) Concentration of Na
+
ions in solution which arein contact with resin. b) Acidic strength of 

resin. 

Procedure:  

Steps in ion exchange chromatography are: 

1) Packing of the column  

2) Application of sample 

3) Operation of ion exchange 

4) Analysis of elute 

 

1) Packing of the column: 

Column is packed by pouring the slurry of the resin into the vertically held column. Care 

should be taken to avoid air bubbles. Slurry is added in parts. Resin is allowed to settle down 

between each addition. Resin is brought to equilibrium with the solvent before packing of the 

column by slurry of the resin. After completion of packing of the column, eluent is passed 

through the column for certain time to ensure uniform flow rate of eluent over the entire cross 

section of the column. Level of the liquid is adjusted to be below the top of the resin bed. 

2) Application of sample: 

Sample solution to be fractionated is poured on the top of the resin in the column. Sample 

application is made by using a micro pipette or micro syringe. 

3) Operation of ion exchange chromatography:- 

Ion exchange chromatography can be operated by elution, frontal analysis or displacement 

analysis.   
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High rate of ion exchange is affected through: 

a) Resin of low cross linking and small particle size. b) Ions of smaller size 

c) High temperature. d) Concentration of the solution. 

4) Analysis of the elute:-  

Fractionated components of the mixture are collected into automatic fraction collectors. 

Analysis of the elute is made by 

a) Determination of pH. b) Determination of Refractive index c) Determination of light 

absorptive power. d) Spectro Photometric method. e) Polarographic method.  f) 

Conductometric method. g) Radio chemical method 

 

Applications: 

 Some important applications of ion exchange chromatography are – 

1) Determination of sodium and potassium in the mixture 2) Separation of interfering ions 

3) Concentration of traces of an electrolyte 4) Separation of transition metals 

5) Conversion of fats to acids or bases 6) Demineralisation of water 

7) Softening of hard water. 8) Removal of carbonates from NaOH 

9) Separation of Isotopes etc. 

 

3.5. GEL FILTRATION CHROMATOGRAPHY (SIZE EXCLUSION):- 

• Column matrix and solvent are selected to minimize adsorption 

• Isocratic elution (same buffer throughout) 

• Particle size determines determines the void volume- Vo 

• Pore size determines the resolving range 

– Molecules larger than the largest pore are excluded, elute at Vo 

– Molecules that are smaller than the smallest pore are included they sample both Vi and Vo 

elute at Vt=Vi + Vo 

– Molecules that can occupy some but not all of the pores elute at an intermediate volume Ve. 

• Partition coefficient Kav = (Ve-Vo)/(Vt-Vo 

• Kav is proportional to ln (MW) in the resolving range 

 

Preparation of the Gel:  

1. The gel has a fractionation range for proteins of 4000–150,000 daltons. Sephadex is 

supplied as a dry powder and must be hydrated before use. The amount of water absorbed 
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and the time required depends on the type of gel. Sephadex G-100 takes 3 days at room 

temperature or 3 hours in a boiling water bath. One gram of dry powder will make about 15–

20 mL of gel. Weigh out the powder and add a large amount of water. Gentle stirring may be 

used, but vigorous stirring will break the beads. 

2. When the gel is ready, decant the water. Some of the very fine particles will also be 

decanted. This is not a problem. In fact, it is good to remove the “fines” as they will pass 

through bottom support screen of the column or clog the column and slow the flow. Replace 

the water with phosphate buffered saline (PBS) and stir to equilibrate the gel with the buffer. 

Allow to settle and decant again. 

3. Degas with a gentle vacuum just before use. 

 

 Packing the Column 

4. Close the outlet of the column. Stir the gel to 

create slurry and carefully fill the column without 

creating areas of different densities. The most even 

packing will be achieved if you pour all the 

necessary slurry into the column at once. If 

necessary, stir the settling gel to prevent layers of 

gel from forming. Open the outlet and add buffer as 

the gel packs. Do not let the buffer drop below the 

top of the gel bed! If it is necessary to add more 

Sephadex, stir the top of the gel bed before adding 

more slurry. 

5. If layers or air bubbles are still present in the column, invert the column and allow it 

resettle, doing this as many times as is necessary to obtain a well-packed column. 

6. Connect the column to the peristaltic pump and equilibrate the column by eluting 1 bed 

volume of PBS buffer at a flow rate of 1 mL/min. Collect the eluent in a graduated cylinder. 

7. Determine the void volume and check the packing. Blue Dextran is a large polysaccharide 

(average molar mass is about 2 million daltons). It is excluded from the beads and will be 

eluted in the void volume. Add Blue Dextran solution to the top of the column and let it run 

into the gel. Immediately start collecting the eluent in a graduated cylinder. Gently put more 

buffer over the gel and run the peristaltic pump. Measure the amount of PBS eluted during 

the time it takes the Blue Dextran fraction to run the length of the column. This volume is the 

 

Fig.3.6. Packing the Column 



Unit-3: Thin layer chromatography 

KSOU, Mysore. M.Sc., BC 1.2; Block-1: Unit-3 Page 62 

 

void volume. If your column was evenly packed, the Blue Dextran should run as a horizontal 

well-defined band through the column. 

8. Prepare your protein mixture to 1 mg/mL concentration and add it carefully to the top of 

the column like you did for the Blue Dextran. For the best resolution, the sample volume 

should not exceed 1%–2% of the column volume. You will run the following substances: 

hemoglobin, myoglobin, cytochrome c, and vitamin B12. Vitamin B12 has a molar mass of 

1355 D and should be completely included in the Sephadex beads. All of these substances are 

colored various shades of red or brown, so you should see them as they make their way down 

the column and in the collected fractions. Run the column at a rate of 0.5 mL/minute. Rates 

that are too fast will decrease resolution and compress the gel. Start collecting 1-mL fractions 

and start the chart recorder as soon as you add the sample. The eluent passes through an 

absorbance detector (280 nm) and will detect the proteins as they elute. 

9. Note the elution volume of each substance. A plot of log molar mass versus elution volume 

should be linear over the useful fractionation range (for roughly spherical proteins). 

 (i) Column Preparation 

(1) Make slurry of the respective resin or beads in the equilibration buffer. 

(2) Fill the glass column with the equilibration buffer with the nozzle of the column closed. 

(3) Open the nozzle with a slow flow rate. 

(4) Using a pipette, load the resin suspension onto the column. 

(5) Allow the material to settle till the required level. 

(6) Wash the column thoroughly with 2 to 3 column volumes of equilibration buffer before 

loading the sample onto the column. 

(ii) Column Run:  

(1) The sample is loaded at a slow rate onto the column from the top. The elute from the 

column is collected as a flow through. In the case of size exclusion, the concentrated sample 

is layered on the top of the column bed. 

(2) The equilibration buffer or wash buffer is applied on the column at a monitored flow rate. 

The elute is collected as the wash. For size exclusion, the elutes are collected in fractions. 

(3) The protein level can be monitored by scanning the elutes at O.D. 280 nm. 

(4) The bound proteins are eluted with increasing concentrations of salt or other elution 

buffers, depending on the column and enzyme. The elution can be carried out as step elution 

or gradient. 

(5)  The elutes are collected as fractions. 

(6) The fractions can then be analyzed for enzyme activity and run on SDS-PAGE for purity. 
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3.6 SUMMARY: 

 Thin  Layer  Chromatography  (abbreviated  as  TLC)  uses  a  thin  layer  of  adsorbent  

material (stationary phase) that is bound to a solid support (glass, plastic or aluminium sheet). 

The most Common  stationary  phase  is  silica  gel,  an  amorphous  form  of  silicon  oxide  

that  has Hydrated surfaces. Silica gel is a porous material and therefore has a very large 

surface area, Allowing for extensive interactions with molecules. TLC plates are prepared by 

mixing silica gel Particles with compounds that act as an adhesive for binding the particles to 

the solid support. When a TLC plate is placed inside a container with solvent, the solvent will 

rise up the plate due To capillary forces. 

A capillary is a tube with a very small diameter (capillus is hair in Latin, therefore slender as 

Hair). When a glass capillary is inserted into water, the water inside the capillary will rise 

above The  level  of  the  water  outside,  due  to  the  interactions  between  the  water  

molecules  and  the Surface  of  the  glass.   Glass is mainly composed of silicon oxide which 

displays Hydroxy groups on its surface.   The hydroxyl groups form strong hydrogen bonds 

with water Molecules and therefore the molecules will “climb” up the glass surface to gain 

binding energy. The adhesion of the molecules is countered by gravity forcing the water 

down. As the capillary becomes smaller, the weight of the water column inside of it decreases 

relative to the adhesion forces, and the water will climb higher. Do not underestimate the 

significance of capillary forces. Water transport in plants is due to capillary forces between 

water and cellulose. Water Molecules “climb” inside microscopic capillaries (xylem) to 

incredible heights as in the case of the sequoia trees. 

Adsorption column chromatography is a another technique that uses a solid stationary phase, 

the adsorbent, packed in a glass column, and a solvent, the mobile phase, that moves slowly 

through the packed column. A solvent used as a mobile phase is called an eluent. In an 

adsorption column chromatography experiment, a mixture of compounds is added to the 

eluent. As the eluent moves through the column, the stationary phase and the mobile phase 

interact with the compound in the mixture.  The difference in  attraction  of  the compounds 

to the stationary and mobile phases result in the compounds moving at different rates through 

the packed column, separating from one another.  

A compound attracted more strongly by the mobile phase will move rapidly through the 

column,  and  elute  from,  or  come  off,  the  column  dissolved  in  the  eluent.  In contrast, 

a compound  more  strongly  attracted  to  the  stationary  phase  will  move  slowly  through  

the column. Alumina and silica gel are the most commonly used adsorbents for adsorption 
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column Chromatography. Alumina is generally suitable for chromatography of less polar 

compounds. Silica gel gives good results with compounds containing polar functional groups. 

Even within a mixture of relatively low polarity compounds, the more polar compounds of 

the mixture bind tightly to the adsorbent; less polar ones bind more loosely. Separation 

occurs when an eluent of low to moderate polarity is passed through the column. Less polar 

compounds of the mixture readily dissolve in the eluent and move through the column. More 

polar compounds have a stronger attraction to the adsorbent than to the moving eluent. When 

differences in attraction are great enough, the compounds can be separated. 

 

Gel  chromatography  (or  molecular-sieve  chromatography,  as  it  is  sometimes  called)  is  

a special type of partition chromatography in  which separation is based on their  molecular 

size and  shape.  The  stationary  phase  in  this  technique  consists  of  beads  containing  

pores  that span  a  relatively  narrow  size  range  of  molecular  dimensions.  The basis of gel 

chromatography is quite simple.  If an aqueous solution containing molecules of various sizes 

is passed through a column containing such molecular sieve "beads", the molecules that are 

larger than the pores move only in the space between the beads and are not retarded by the 

beads.  However,  molecules  smaller  than  the  pores  diffuse  in  and  out  of  the  beads  

with  a probability that increase with decreasing molecular size; by this way, they are slowed 

down in their movement through the column. Therefore, these large molecules cross the 

column more rapidly  in  a  smaller  eluent  volume,  than  the  molecules  that  pass  through  

the  pores.  That substance  which  is  so large and  it  cannot penetrate the pores at all is  said 

to be completely excluded  by  the  gel.  While,  that  substance  which  is  small  enough  and  

it  can  completely penetrate the pores is said to be completely included by the gel. The 

elongated molecules are less  likely  to  penetrate  a  given  gel  pore  than  spherical  

molecules  of  the  same  molecular weight.  The gels used as molecular sieves consist of 

cross-liked polymers that are generally inert, do not bind or react with the material being 

analyzed, and are uncharged.  The space within the gel (between the bead particles) is filled 

with liquid and this liquid occupies most of the gel volume and act as a mobile phase. The 

gels currently in use are of three types: dextarn, agarose, and polyacrylamide. 

Ion exchange chromatography is the reversible adsorption of charged molecules to 

immobilized ion groups on a matrix of an opposite charge.  Separation can be selectively 

achieved by adsorption and release of samples from the matrix.  Ion exchange starts with the 

equilibration of the exchanger using pH, and ionic strength. During equilibration the 

exchangeable groups are associated with counter ions.  Once equilibrium is reached and the 
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sample added the molecules undergo addition and adsorption with an appropriate charge 

displace the counter ions and bind reversibly to the matrix. The unbound materials will pass 

through the column with the void volume. In the third stage, substances are removed from the 

column by increasing the ionic strength of the eluting buffer. 

Size exclusion chromatography (SEC), also called gel filtration, gel permeation, molecular 

sieve, and gel exclusion chromatography. It is a separation technique used to separate 

molecules on the basis of size and shape (hydrodynamic radius).  Size exclusion 

chromatography is called gel filtration chromatography because the gel essentially allows for 

the filtering of molecules from a sample based upon molecular size. However, unlike other 

techniques, the larger molecules elute first.  This technique is widely applicable to 

purification or desalting of proteins in complex samples such as blood, which contain 

molecules of widely different sizes. 

 

3.7 KEY WORDS: 

 Thin layer chromatography, Adsorption chromatography, Ion exchange 

chromatography, Gel filtration chromatography  

 

3.8. QUESTIONS FOR SELF STUDY 

 

1. Write about different aspects of thin layer chromatography. 

2. What is adsorption chromatography? 

3. Give the formula for calculation of Rf value. 

4. Name different types of TLC based on principles 

5. Mention different applicators used in TLC. 

6. What are different classes of adsorbents used in column chromatography 

7. Write a brief note on  gel filtration chromatography 

8. What are the applications of TLC, Adsorption, Ion exchange chromatography, gel 

filtration chromatography? 

9. Name two type of resins used in IEC? 

10. Expand TLC and GFC? 
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4.0 OBJECTIVES: After studying this unit you will be able, 

 

 To know the Biological interactions in the Affinity chromatography. 

 To analyze the interaction of biomolecules that promotes the separation. 

 Determine the concentration of each molecule in a mixture using small amount of 

sample. 

 Determine body components. Blood gases, Oestrogens, Homovanillic acid, 

Vanilylmandelic acid, Hydroxy corticosteroids etc. 

 To separate the amphoteric substances by means of chromatofocusing. 

 

4.1 INTRODUCTION: 

 Affinity chromatography separates proteins on the basis of a reversible interaction between a 

protein (or group of proteins) and a specific ligand attached to a chromatographic matrix. The 

technique is well suited for a capture or intermediate step and can be used whenever a 

suitable ligand is available for the protein(s) of interest. Affinity chromatography offers high 

selectivity, hence high resolution, and usually high capacity. Affinity chromatography is 

frequently used as the first step (capture step) of a two-step purification protocol, followed by 

a second chromatographic step (polishing step) to remove remaining impurities. The target 

protein(s) is/are specifically and reversibly bound by a complementary binding substance 

(ligand). The sample is applied under conditions that favor specific binding to the ligand. 

Unbound material is washed away, and bound target protein is recovered by changing 

conditions to those favoring elution. Elution is performed specifically, using a competitive 

ligand, or non-specifically, by changing the pH, ionic strength, or polarity. Samples are 

concentrated during binding, and the target protein is collected in purified and concentrated 

form. Affinity chromatography is also used to remove specific contaminants. For example, 

Benzamidine Sepharose™ 4 Fast Flow can remove serine proteases. 

 

4.2 AFFINITY CHROMATOGRAPHY:  

Proteins are passed through a column of beads containing a covalently bound high affinity 

group for the protein of interest. Bound protein is eluted by free high affinity group. 
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Affinity chromatography separates proteins on the basis of a reversible interaction between a 

protein (or group of proteins) and a specific ligand attached to a chromatographic matrix. The 

technique is well suited for a capture or intermediate step and can be used whenever a 

suitable ligand is available for the protein(s) of interest. Affinity chromatography offers high 

selectivity, hence high resolution, and usually high capacity. Affinity chromatography is 

frequently used as the first step (capture step) of a two-step purification protocol, followed by 

a second chromatographic step (polishing step) to remove remaining impurities. The target 

protein(s) is/are specifically and reversibly bound by a complementary binding substance 

(ligand). The sample is applied under conditions that favor specific binding to the ligand. 

Unbound material is washed away, and bound target protein is recovered by changing 

conditions to those favoring elution. Elution is performed specifically, using a competitive 

ligand, or non-specifically, by changing the pH, ionic strength, or polarity. Samples are 

concentrated during binding, and the target protein is collected in purified and concentrated 

form. The key stages in an affinity chromatography separation are shown in Figure 4.1. 

Affinity chromatography is also used to remove specific contaminants. For example, 

Benzamidine Sepharose™ 4 Fast Flow can remove serine proteases. 

 

Chromatography media selection 

Parameters such as scale of purification and commercial availability of affinity matrices 

should be considered when selecting affinity media. HiTrap™ affinity columns are ideal for 

method optimization or small scale purification of target proteins using well-established 

protocols. Affinity media can be prepared by coupling a ligand to a selected matrix. HiTrap 

NHS-activated HP is designed specifically to facilitate this process and is supplied with a 

recommended coupling procedure for coupling primary amines. For separations of 

 
Fig. 4.1 Typical affinity purification 
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glycoproteins and polysaccharides, media screening may be required to select the correct 

specificity.            

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Three groups of properties of the target molecule are used in affinity chromatography: 

1. Specific binding properties based on biological activity like: 

- Enzyme active sites 

- Receptor binding sites 

- Antibody binding sites etc. 

Fig.4.2 Affinity chromatography and its mechanism 

 

 

 

Fig: 4.3: Principle Of Affinity Chromatography 

a. Sample (substance to be isolated + impurities) application, b. Immobilized 

ligand specifically absorbs the substance to be isolated, c. Elution of the  

impurities”,  d. Desorption of the specific-bound substance 
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These are used together with the natural ligand or an analogue of it. Sometimes the analogue 

has a broader specificity and can be used for group separations. 

 

 

 

 

 

 

 

 

2. Naturally occurring prosthetic groups like: 

 polysaccharides etc. Such properties normally allow group separations only. 

3. Molecules equipped with an affinity tag like: 

- Glutathione-S-Transferase (GST)  

- Oligo histidine etc.  

This group of properties is used almost exclusively for recombinant fusion proteins. In 

summary, Affinity chromatography is a method that will allow you to purify a particular 

molecule from a mixed sample so that further investigation of this molecule could be carried 

out. 

4.3 GAS CHROMATOGRAPHY:  

Gas chromatography was originally suggested by Martine and synge in 1941. It is defined  

Definition 

Gas chromatography is a method of chromatographic analysis in which Mobile phase is a 

gas. 

Principle:  

In this technique, components of a vaporised sample are separated due to partition between 

mobile gaseous phase and a stationary phase held on the column. 

Types of Gas chromatography: 

There are two types of gas chromatography based on stationary phase. 

1) Gas -Solid chromatography. 

2) Gas liquid chromatography 

When stationary phase is a solid, the method is called as Gas solid chromatography. When it 

is a liquid, it is called as Gas liquid chromatography. Of these two techniques, gas-liquid 

chromatography is the widely used one. 

 

Table.4.1. Most used biological system for purification 
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Construction of GLC apparatus: 

GLC apparatus consists of 

(1) Tank of Mobile phase gas (Carrier gas) 

(2) Injection port for sample application 

(3) Column           (4) Detector. 

(1) Tank of Mobile phase: 

A high pressure gas cylinder is used as a reservoir for carrier gas. It is attached to a pressure 

regulator to regulate the gas flow through the separation column. Soap bubble meter can also 

used for accurate regulation of the rate of mobile phase gas. 

(2) Injection port: 

Injection port is the place from where sample is introduced. It is located at a place so that the 

sample is introduced directly in to the carrier gas. It is constructed with a material that can be 

maintained at high temperature. It contains a pliable septum through which samples are 

injected. 

 

 

 

 

 

 

 

 

 

(3) Column:  

Column is the heart of the chromatography. Column is the site where components of the 

sample are fractionated. There are two types of columns, commonly employed in GLC.  

They are- 

(1) Capillary column. (2) Packed column. 

Capillary column is fabricated from capillary tubing. These columns are available in lengths 

up to 200’ with 1/16’ or less diameter. Column for packed column is made of stainless steel 

or copper packed with stationary phase solid in Gas solid Chromatography and solid support 

in Gas Liquid chromatography. Glass tubes can also be used as columns. 

 

 

Fig: 4.4 Gas Chromatography Apparatus 
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(4) Detector:  

Detector is the part which detects a fractionated component on the basis of properties of that 

component like thermal conductivity, flame emission, differential adsorption etc.  

Different types of detectors used are- 

(1) Thermal conductivity detectors (2) Flame Ionization detectors 

(3) Flame Photometric detectors (4) Electron capture detectors 

Requirements: 

1) Mobile phase gas 2) Solid supports 3) Stationary phase liquid 

1) Mobile phase gas: 

Mobile phase gas is also known as carrier gas. It is usually Helium or Nitrogen. Carbon 

dioxide and Hydrogen are also tried. Hydrogen is explosive. Hence it is a disadvantage. 

Requirements of a carrier gas: 

1) It should be chemically inert. 2) It should be available at cheaper rate. 

3) It should allow detector response. 

2) Solid supports: 

Since the stationary phase in GLC is liquid, it should be provided support by an inert solid. 

Examples are Kieseguhr, Powdered teflon, Alumina etc. 

Requirements of solid support: 

1) It should be porous. 2) It should provide large surface area. Particles should be small, 

uniform and spherical. 3) It should be mechanically strong. 4) It should be chemically inert. 

5) It should be easily wettable by the stationary phase liquid. 

3) Stationary phase liquid: 

 Examples are Squalene, Silicone oil, Silicon rubber gum, carbowax etc. 

Requirements of stationary phase liquid: 

1) It should be a good solvent for the sample. 2) It should be thermally stable. 

3) It should be chemically inert. 4) It should be very less volatile. 

5) Boiling point should be at least 200
0
C higher than the maximum operating temperature of 

the column. 

6) Solubilising power of the stationary phase liquid should be differential for components of 

the sample mixture. 

4) Sample injector: 

Syringe is used for injecting sample. 0.1-100 ml capacity syringe is used for introducing 

liquid sample. Gas light syringe of 0.5-10 ml capacity is used for injecting gaseous samples. 

Special syringe can be used for solid samples. 
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Procedure: 

Different steps involved in Gas chromatography are: 

(1) Column packing (2) Column conditioning (3) Column thermo stating 

(4) Sample injection (5) Elution 

(1) Column packing: 

Column packing is very important since it provides the base for separation process. Column 

is packed with stationary phase solid in GSC and solid support in GLC.  

Column packing in G.S.C. (Gas Solid Chromatography): 

It is prepared by plugging one end of the column with glass wood and filling the column with 

substrate with the help of funnel and vibrating. Other end is now plugged and tube is coiled 

Column packing in G.L.C.(Gas-liquid Chromatography): Stationary phase liquid is dissolved 

in a volatile solvent. Inert dry solid is mixed in enough quantity and volatile solvent is 

removed by evaporation. This freely flowing solid coated with stationary phase liquid is 

packed in to the column by tapping or vibrating. Tube is now coiled or folded loosely. 

(2) Column conditioning: 

Column is conditioned by baking at prescribed temperature while mobile phase gas is 

flowing. This will remove foreign material. Conditioning is carried out at highest permisible 

temperature for a period of 6-12 hours during which carrier is flushed. 

(3) Column thermostating:  

Column temperature should be maintained constant to a few tenths of a degree. Circulating 

air baths, electrically heated metal blocks and vapour Jackets are used to provide column 

thermostating. 

4) Sample injection: 

Sample is injected directly into the injection port. It is introduced into carrier gas. Liquid and 

gaseous samples are injected by syringe through silicon rubber diaphragm in the injection 

port. Liquids are introduced as solution with a syringe of 0.1 - 100 mL capacity. Gases are 

injected with a gas light syringe of 0.5 -10 ml capacity. Sample loop can also be used to inject 

gaseous samples. It is done by allowing gaseous sample into a chamber of known volume and 

inserting into carrier gas flow. It can be done using valve. Solid samples can be dissolved 

suitable solvent and in injected with a syringe. A special syringe can also be used to inject 

solid samples directly. Samples which cannot be vapourised at the operating temperature 

should not be injected. Such samples can clog the port and can cause damage to column. 
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(5) Elution:  

A temperature slightly greater than average boiling point of sample gives reasonable sample 

elution. If the components of the sample have boiling points in broad range, temperature is to 

be increased as the elution proceeds. It can be carried out continuously or step wise. Elution 

period will be 10-30 minutes. Optimum resolution is achieved by minimal temperature. 

(6) Detection:  

Detection of the fractionated components is achieved by using detectors. Detection of a 

component is based upon the physical properties of the components. 

Applications of G.C.: 

(1) Clinical applications: It is used for determining body components. Blood gases, 

Oestrogens, Homovanillic acid, Vanilylmandelic acid, Hydroxy corticosteroids etc. can be 

determined and analysed. 

(2) General applications: It is also used in – 

a) Petroleum industry b) Food industry 

c) Cosmetics and perfumes industry d) Plastic industry e.t.c 

 

4.4 CHROMATOFOCUSING:  

The technique of chromatofocusing is used to separate amphoteric substances, most 

commonly proteins, and was originally developed by Sluyterman and his colleagues 

(Sluyterman and Elgersma, 1978; Sluyterman and Wijdeness, 1978). In contrast to the 

related technique of isoelectric focusing, chromatofocusing does not utilize an electric 

field. Instead, a pH gradient is made to propagate inside an ion-exchange 

chromatography column as a retained front owing to the adsorption behaviour of the 

buffering species in the elution buffer. The separation achieved is based on charge 

differences between proteins. Proteins elute from a chromatofocusing column at a pH, 

generally termed the apparent isoelectric point,that is often close to the actual 

isoelectric point. Chromatofocusing is used both as an analytical and as a preparative 

method, and is capable of high resolution, with separations reported between protein 

isoforms differing by a single amino acid residue and by less than 0.05 pH units in 

apparent isoelectric points. 

Outline and Applications of Method: The method as most commonly practised employs a 

weakbase, ion-exchange column packing and a polyampholyte elution buffer containing a 

mixture of polymeric buffering species that buffers a broad pH range. To perform the 
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method, the column is first equilibrated at an initial pH using a starting buffer typically 

containing a single, weak base buffering species. After the sample containing the proteins to 

be separated is injected into the column, the polyampholyte elution buffer, which has been 

titrated to a pH lower than the initial pH, is introduced into the column as a step change at the 

column entrance. The interaction of the column packing with the elution buffer produces a 

gradual, decreasing pH gradient that travels through the column as a retained front. The effect 

of the pH gradient on the adsorption behaviour of the proteins in the sample causes the 

analyte proteins to separate in the column effluent. Although early studies of the method 

employed column packings derivatized with diethylaminoethyl groups to provide the ion-

exchange functionality, it was soon recognized that linear pH gradients could be produced 

more easily with polylethylenimine derivatized column packings. Currently, several 

commercial suppliers produce a variety of weak-base ion-exchange column packings and 

polyampholyte buffers with properties optimized for use in chromatofocusing.  

Position and Width of Protein Bands in the Column Effluent: Figure 4.5a shows 

qualitatively the pH profile, and the concentration profiles of proteins in the column effluent, 

for the case where a weak-base, ion-exchange column packing and a descending pH gradient 

are used to perform chromatofocusing. Figure 4.5b shows the corresponding velocities of 

protein bands and the velocities of pH values on the pH profile, both as functions of the 

liquid-phase pH. As illustrated, if any of the protein under consideration is located 

downstream from the centre of the protein band, it will tend to have a velocity less than the 

average velocity of the band, while the reverse is true for any of the protein located upstream 

from the centre of the band, so that all of the protein tends to accumulate into a narrow region 

at the point where the band velocity curve intersects the pH profile.fig 4.5a and b. 

The width of a protein band during chromatofocusing is determined by the shape of the pH 

gradient, the degree to which the charge of the protein varies with pH, and other properties of 

the system. More specifically, Sluyterman and Elgersma (1978) have shown that the band 

width at the column outlet in terms of the pH change across the band follows eqn [1], 

wherefis the log of the ratio of hydrogen ion concentrations in the fluid and adsorbed phases, 

which is equivalent to the dimensionless Donnan potential described by Sluyterman and 

Elgersma, d(pH)/dVis the slope of the pH gradient measured at the column outlet in units of 

pH per volume of mobile phase that has passed through the column, and dz/d(pH) is the rate 

of change of the characteristic binding charge of the protein with pH. 
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Variations of Method: Soon after the introduction of the original method, efforts were made 

by several workers to replace the polyampholyte elution buffer with a chemically well-

defined mixture containing a large number of low-molecular-weight buffering species. Under 

these conditions, the effluent pH profile changes from the smooth profile shown in figure 4.5 

to a profile consisting of a sequence of discrete pH steps, with the number of steps 

corresponding to the number of buffering species in the elution buffer that produce ions that 

adsorb onto the column packing. Nevertheless, if an adequate number of these buffering 

species is present, the pH profile becomes sufficiently close to linear in shape that the method 

operates in essentially the same way as when a polyampholyte elution buffer is employed. 

This simplified approach in the elution buffer in chromatofocusing is suitable for preparative 

chromatography. Either a weak-base or strong-base ion exchange column packing is used 

together with a limited number of low-molecular-weight buffering species in the elution 

buffer. These workers demonstrated that when the starting and elution buffer compositions 

are properly optimized, the protein of interest can be selectively focused on a single, retained 

stepwise pH front in the column effluent while the impurities elute from the column in other 

regions of the pH profile. A retained, stepwise pH front formed using a small number of 

buffering species in the elution buffer can accomplish the displacement development of 

proteins to yield a form of displacement chromatography that eliminates the need for a 

traditional displacer component. Other efforts to extend the method include studies of how to 

select the composition of the elution buffer to form a gradual pH gradient having a desired 

shape when a limited number of low-molecular weight buffering species are employed in the 

 

Fig 4.5 (a) pH profile and concentration profiles of proteins  (b) 

Corresponding relation between the apparent isoelectric points, the curves 

giving the velocities of protein bands 
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elution buffer, and studies involving the external mixing of two different elution buffers in 

varying proportions to modify the shape of a retained pH gradient. 

Since its introduction in the late 1970s, chromatofocusing has found widespread use as a 

high-resolution chromatographic procedure for separating proteins according to their 

apparent isoelectric points. Recent development efforts aimed at reducing its reliance on 

polyampholyte buffers and specialized column packings are likely to expand the future range 

of applications for the method, especially as a preparative separation technique. 

 

4.5 HIGH PERFORMANCE LIQUID CHROMATOGRAPHY (HPLC): 

Liquid chromatography is the method in which Mobile phase is a liquid and there are two 

types of liquid chromatography 

1) Solid-liquid chromatography. 2) Liquid-liquid chromatography. 

HPLC: 

Liquid chromatography using high pressure to force the liquid through column is called as 

High pressure/High performance liquid chromatography (HPLC). Difference between- HPLC 

and older technique is speed. Older technique 

of liquid chromatography (LC) is of slow 

sped where as the newer technique is of 

increased speed. This method was used by 

Hadden in 1967 for separating mixture of 

nucleosides containing Uridine, Guanosine, 

Adenosine and Cytidine using 10-20 PSlg 

and it took 60 minutes for fractionation. 

 

Principle:   

A difference in partition coefficients causes 

separation. Construction of HPLC apparatus: 

HPLC apparatus consists of 

1) Reservoirs, degassing chambers and mixing valve 2) Precolumn 3) Pumps 

4) Columns 5) Detectors 

Reservoirs, degassing chambers and mixing valve: 

HPLC apparatus is provided with two reservoirs each 

with a degassing chamber. Degassing chamber will 

Fig.4.6 HPLC working system 

 

Fig.4.7 HPLC Columns 
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expel dissolved air. Mixing valve mixes the two liquid phases. 

 

Precolumn: Precolumn is loaded with same solid support and stationary liquid phase as in 

the main column. 

Pumps:  Pumps are used to apply high pressure to the liquid to force through column. Motor 

driven pumps are widely used for producing high pressure. It is either reciprocating or single 

stroke pump. High pressure can also be got by pressure transfer from a cylinder of 

compressed Nitrogen. 

Columns: Columns are usually of 1-6mm inside diameter. They are made of stainless steel or 

glass. Solid support used in Liquid-Liquid chromatography can be porous diatomaceous 

earth. Alumina or silica gel is used in Solid-Liquid chromatography. 

Injector: Sample introduction can be accomplished in various ways. The simplest method is 

to use an injection valve. In more sophisticated LC systems, automatic sampling devices are 

incorporated where the sample is introduced with the help of auto samplers and 

microprocessors. In liquid chromatography, liquid samples may be injected directly and solid 

samples need only be dissolved in an appropriate solvent.  

 

 

 

 

 

The solvent need not be the mobile phase, but frequently it injudiciously chosen to avoid 

detector interference, column/component interference, and loss in efficiency or all of these. It 

is always best to remove particles from the sample by filtering over a 5 µm filter, or 

centrifuging since continuous injections of particulate material will eventually cause 

blockages in injection devices or columns. Sample sizes may vary widely. The availability of 

highly sensitive detectors frequently allows use of the small samples which yield the highest 

column performance. Typical sample mass with 4.6mm ID columns range from the nanogram 

level up to about 2 mg diluted in 20 ml of solvent. In general, it will be noted that much less 

sample preparation is required in LC than in GC since unwanted or interfering compounds, or 

both, may often be extracted, or eliminated, by selective detection. 

Fig 4.8. HPLC injector 
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Detectors:  

Different detectors used are 

1) Photometric detectors. 

2) Refractive index detectors. 

3) Moving wire Flame ionization Ledetectors. 

4) Reduction detectors. 

5) Conductometric detectors. 

 

 

 

 

 

 

 

 

 

 

 

 

A photometric detector depends on adsorption of visible or U.V. light. Source of U.V. light is 

a low pressure mercury lamp. Refractive index detectors measure difference in refractive 

index. Moving wire flame ionization LC detector is used in the Pye chromatograph. In 

reduction detector, liquid stream from the column is mixed continuously with a stream 

containing a reagent. It produces coloured or fluorescent product with sample components. 

Conductometric detector is based upon measurement of electrolytic conductivity. 

Table.4.2. Showing HPLC Detector Information 
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Procedure: Steps involved are – 

(1) Degassing of liquid phases (2) Mixing of degassed liquids, (3) Passing the mixed liquid 

into chromatograph (4) Injection of sample, (5) Elution (6) Detection 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig.4.9. HPLC Detectors  

Fig.4.10. Different components of HPLC System 
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(1) Degassing of liquid phases: Two liquid phases of the HPLC present in the two reservoirs 

are degassed in degassing chambers separately. Degassing step is needed to expel air 

dissolved in liquid phases. 

(2) Mixing of the degassed liquids: Mixing valve is positioned properly to mix the two 

liquids from the reservoirs after expulsion of dissolved air in the degassing chambers. Mixing 

valves can be programmed with a geared down motor drive. It is possible to change the 

proportions of two solvents by programming during chromatographic process. 

(3) Passing the mixed liquid into chromatograph proper: Mixed liquid is pumped at high 

pressure in to chromatograph proper. Mixed liquid is first allowed to pass through a coil of 

tubing which it is brought to working temperature. Then it is passed through a precolumn 

with pressure which is loaded with the same solid support and stationary phase liquid as the 

main column. Mobile phase liquid gets saturated with stationary phase liquid in the pre 

column. This prevents removal of stationary phase form the column. 

(4) Introduction of the sample: Sample is introduced between Precolumn and column by 

using a syringe or a valve. 

(5) Elution: Gradient elution or solvent programming causes separation of the components 

due to differences in the partition coefficients. 

(6) Detection: Separated components of the sample are detected by making use of detector. It 

was introduced by Small, Stevens and Baumann in 1975. 

 FACTORS AFFECTING COLUMN EFFICIENCY: 

A.   Nature of solvents: Solvents of law viscosities are generally used for high efficiency 

separations.  The reason for  this is that rate of flow is inversely proportional to viscosity and  

hence  it  becomes  necessary  to  select  a  solvent  of  lower  viscosity  and proper elution 

strength. 

B.  Dimensions of column: It is possible to improve the column efficiency by increasing the 

length/width ratio of the column.  For common preparative separation sample/column 

packing ratios have found to range from 1:20 to 1:100. 

C.  Particle size column packing: It is possible to increase the column efficiency by 

decreasing the particle size of the adsorbent. The usual particle size ranges from 100 to 200 

meshes. 

D.  Pore diameters of column packing: Polar  adsorbent  posses  a  pore  diameter  of  ≤  20  

A
0
,  A  decrease  in  average  pore diameter from 170 – 20 A

0
does not affect efficiency. 

E.  Temperature of column: Difficult  soluble  samples  are  generally  at  higher  

temperatures  while  other  samples are separated at room temperature. 
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4.6. RP-HPLC 

The term “Reverse Phase Chromatography” was used because RP is a form of partition 

chromatography where chemically bonded phase is hydrophobic or non-polar (e.g. octadecyl 

group), and the starting mobile phase (e.g. water) must be more polar than the stationary 

phase. This is “reversed” from normal phase chromatography, where the stationary phase is 

polar or hydrophilic and the starting mobile phase is more non-polar or hydrophobic than the 

stationary phase, hence the term “Reverse Phase Chromatography”. 

Peptides and proteins are adsorbed onto the hydrophobic surface of the column and remain 

there until the concentration of the organic modifiers high enough to elute the molecules from 

the hydrophobic surface. The elution order is related to the increasing hydrophobic nature of 

the solute, the more soluble a solute is in water or the more hydrophilic the solute, the faster it 

will be eluted. 

 

 

 

 

 

 

 

4.7 Summary: 

Modern preparative and analytical chromatography is most often performed in a column 

format. Here, the porous matrix or solid support is enclosed in a durable cylinder or column 

saturated with aqueous buffer or organic solvent (Fig. 2-1). The column is loaded with a 

solution containing a mixture of compounds at the top of the column by allowing it to flow 

into the porous medium. After the compounds have entered the solid matrix, they can be 

differentially eluted from the column either by continuous buffer flow or by changing the 

nature of the mobile phase passing through the porous matrix. This process of eluting 

compounds from the column is termed “development.” As the different compounds emerge 

from the column, the eluted solution can be separated into multiple “fractions” or “cuts” that 

can be analyzed for the presence of a molecule of interest. 

Fig.4.11 Working model of RP-HPLC 

working order 
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• In any chemical or bio-processing industry, the need to separate and purify a product from 

a complex mixture is a necessary and important step in the production line. 

Chromatography is a very special separation process for a multitude of reasons!  

• It can separate complex mixtures with great precision. Even very similar components, 

such as proteins that may only vary by a single amino acid, can be separated with 

chromatography,  

• Chromatography can purify basically any soluble or volatile substance if the right 

adsorbent material, carrier fluid, and operating conditions are employed.  

• Chromatography can be used to separate delicate products since the conditions under 

which it is performed are not typically severe. For these reasons, chromatography is quite 

well suited to a variety of uses in the field of biotechnology. 

• Chromatography to separate the components of inks and dyes, such as those found in pens, 

markers, clothing, and even candy shells. Chromatography can also be used to separate the 

colored pigments in plants. 

4.8 KEY WORDS: 

 Affinity Chromatography, GLC, Chromatofocussing, HPLC and RP–HPLC, Gas 

phase, Ligands, Antigen, Antibody, Mobile phase, Stationary phase, Columns. 

 

4.9 QUESTIONS FOR SELF STUDY 

1. Describe HPLC. 

2. Define Gas chromatography. Explain different aspects of Gas chromatography. 

3. Why is retention time so important in chromatography? 

4. What are the requirements of carrier gas in Gas chromatography? 

5. Give full forms of a) HPLC b) TLC c) GLC d) GSC e) RP-HPLC. 

6. What do you meant by Chromatofocussing? Explain its protocol and applications. 
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5.0. OBJECTIVES: After studying this unit thoroughly, you should be able to,  

1. Explain what is Electrophoresis and how it is performed in the lab 

2. Differentiate kinds and purpose of PAGE, SDS-PAGE, 2D and Agarose Gel 

electrophoresis 

3. Describe the working principle and advantages of the above techniques and 

limitations 

4. Perform electrophoresis of protein, lipid, and DNA.   

 

5.1. INTRODUCTION:  

Electrophoresis is a technique in which charged solute particle migrate under the influence of 

an electric field. Many important biological molecules, such as amino acids, peptides, 

proteins, nucleotides and nucleic acids, possess ionisable groups and, therefore, at any given 

pH, exist in solution as electrically charged species either as cations or anions. 

 Under the influence of an electric field these charged particles will migrate either to 

the cathode or to the anode, depending on the nature of their net charge. Mainly protein and 

DNA mixtures are separated by their different rates of migration in an electric field. This is 

best done using an electrophoresis unit or instrument. In Electrophoresis usually a sample is 

first placed in a container or support that also contains a background electrolyte (or “running 

buffer”). When an electric field is applied to this system, the ions in the running buffer will 

flow from one electrode to the other and provide the current needed to maintain the applied 

voltage. At the same time, positively charged ions in the sample will move toward the 

negative electrode (the cathode), while negatively charged ions will move toward the positive 

electrode (the anode). The result is a separation of these ions based on their charge and size. 

Because many biological compounds have charges or ionisable groups (e.g., DNA and 

proteins), electrophoresis is frequently utilized in biochemical and medical research. This 

approach can also be adapted for work with small ions or for large charged particles (such as 

cells and viruses).  
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In 1937 a scientist named Arne Tiselius used electrophoresis for the separation of 

serum proteins. He conducted this separation by employing a U-shaped tube in which he 

placed his sample and running buffer. When he applied an electric field, proteins in the 

sample began to separate as they migrated toward the electrodes of opposite charge. 

However, the use of a large sample volume gave a series of broad and only partially resolved 

regions that contained different mixtures of the original proteins. The method employed by 

Tiselius is now known as moving boundary electrophoresis, because it produced a series of 

moving boundaries 

between regions that 

contained different 

mixtures of proteins. 

Today it is 

more common to use 

small samples to 

allow analytes to be 

separated into narrow 

bands or zones, 

giving a method known as zone electrophoresis. An example of zone electrophoresis is 

shown in where DNA is sequenced by separating its strands of various engths into narrow 

bands on a gel. There are many ways in which electrophoresis is used for chemical analysis. 

These include the sequencing of DNA, as well as the purification of proteins, peptides, and 

other biomolecules. In clinical chemistry, electrophoresis is an important tool for examining 

the patterns of amino acids, serum proteins, enzymes, and lipoproteins in the body. 

Electrophoresis is also used in the analysis of organic and inorganic ions in foods, 

commercial products, and environmental samples. In addition, electrophoresis is an essential 

Analytical research tool of biochemical, molecular biological, medical and pharmaceutical 

research for the characterization of proteins in normal and diseased cells and for looking for 

new substances.  
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5.2. GEL ELECTROPHORESIS:  

One of the most common types of 

electrophoresis is the method of gel 

electrophoresis. This technique is an 

electrophoresis method that is performed 

by applying a sample to a gel support 

that is then placed into an electric field. 

In this type of system, several samples 

are usually applied to the gel and 

allowed to migrate along the length of 

the support in the presence of an applied 

electric field. The separation is stopped 

before analytes have left the 

end of the gel, with the 

location and intensities then 

being determined. It is 

important to remember in gel 

electrophoresis that the 

velocity of an analytes 

movement will be related to 

the distance it has travelled in 

the given separation time (the 

migration distance). The 

farther this distance is from the 

point of sample application, 

the higher the migration 

velocity is for the analyte and 

the larger its electrophoretic mobility. This migration distance will, in turn, be related to the 

size and charge of the analyte and can be used in identifying such a substance. 

5.3. POLYACRYLAMIDE GEL ELECTROPHORESIS (PAGE) 
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 Polyacrylamide gel is the result of 

polymerizing acrylamide monomers into 

long chains and then cross-linking the 

chains with a bifunctional compound. A 

number of these bifunctional cross-

linkering compounds are known including 

ethylene diacrylate, N,N’-

bisacrylycystamine (BAC), and N,N’-

diallyltartardiamide (DATD). However, 

the most generally useful compound is N, 

N’-methylene bisacrylamide (bis meaning 

two).  

 Polymerization of acrylamide and 

bisacrylamide is catalyzed in the presence of 

either 

Ammonium per sulphate (APS) or riboflavin. 

In addition, the compound N,N,N,N’- 

tetramethylethyldiamine (TEMED) or, less 

commonly, 3-dimethylamino proprionitrile 

(DMAPN), are introduced to accelerate the 

polymerization process. In the ammonium 

persulphate-TEMED system that is 

conventionally employed, TEMED catalyzes 

the formation of free radicals from 

persulphate and these free radicals initiate 

polymerization. Since the free base of 

TEMED is required, polymerization can be 

slowed at lower pH and can be prevented entirely at very low pH. Polymerization rates can 

be increased by increasing the TEMED or persulphate concentrations. Also, temperature has 

a direct relationship with speed of polymerization. For this reason, the persulphate and the 

acrylamides are usually stored at –20
o
C.  
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5.4. SDS-PAGE 

In SDS-PAGE, the 

protein sample is first treated 

with SDS, an ionic detergent 

which causes the proteins to 

unfold, or denature. β-

mecaptoethanol is also included 

to reduce disulfide bonds and 

cause separation of protein 

subunits. When a sample is 

heated (in a container, 90-95
0
C for 5 min in a water bath) in the presence of SDS, the 

denatured proteins become long linear molecules completely coated with SDS and assume a 

uniformly negative ionic charge.  

Whenever a 

porous support 

(Gel) is present in 

an electrophoretic 

system, it is 

possible that large 

analyte’s may be 

separated based on 

their size as well as 

their 

electrophoretic 

mobilities. This 

size separation occurs in a manner similar to that which occurs in size-exclusion 

chromatography and can be used to determine the molecular weight of biomolecules. This is 

accomplished by SDS-PAGE. SDS-treated proteins are subjected to PAGE, the rate of 

migration is determined ONLY by the molecular weight of the protein. When mobility (Rf) 

of proteins during SDS-PAGE is graphed against the log of the protein molecular weight, a 

linear relationship is observed Thus, the rate of protein migration during SDS-PAGE is 

proportional to the log of the protein molecular weight. In practice, the molecular weight of 
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an unknown protein is determined by comparing its movement during SDS-PAGE with 

protein standards of known molecular weights. 

SDS-PAGE, is a widely-used technique for separating mixtures of proteins based on 

their size and nothing else. SDS, an anionic detergent, is used to produce an even charge 

across the length of proteins that have been linearized. By first loading them into a gel made 

of polyacrylamide and then applying an electric field to the gel., SDS-coated proteins are then 

separated. The electric field acts as the driving force, drawing the SDS coated proteins 

towards the anode with larger proteins moving more slowly than small proteins. In order to 

identify proteins by size, protein standards of a known size are loaded along with samples and 

run under the same conditions. 

5.5. 2D-ELECTROPHORESIS 

 2-Dimensional Electrophoresis. Another way gel electrophoresis can be utilized is in 

two-dimensional (or 2-D) electrophoresis, which is a high-resolution technique used to look 

at complex protein mixtures. In this method, two different types of electrophoresis are 

conducted on a single sample. The first of these separations is usually based on a isoelectric 

point, as accomplished by using isoelectric focusing. The second separation method (SDS-

PAGE) is according to size. First, a small band of sample is applied to the top of a support for 

use in isoelectric focusing. The support used in this case is typically agarose or a 

polyacrylamide gel with large pores. After this first separation has been finished, some 

proteins will have been separated based on their pI values, but there may still be many 

proteins with similar isoelectric points and overlapping bands. A further separation is 

obtained by turning this first gel on its side and placing it at the top of a second support (a 

polyacrylamide gel) for use in SDS-PAGE. This process gives a separation according to size, 

in which each band from the first separation has its own lane on the SDS-PAGE gel. The 

result is a series of peaks that are now separated in two dimensions (one based on pI and the 

other on size) across the gel. The fact that two different characteristics of each protein are 

used in their separation makes it possible to resolve a much larger number of proteins than is 

possible by either IEF or SDS-PAGE alone. 

5.6. AGAROSE GEL ELECTROPHORESIS 

 Agarose gel electrophoresis is one of several physical methods for determining the 

size of DNA. In this method, DNA is forced to migrate through a highly cross-linked agarose 



Unit-5: Polyacrylamide gel eclectrophoresis 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-2: Unit-5 Page 93 

 

matrix in response to an electric current. In solution, the phosphates on the DNA are 

negatively charged, and the molecule will therefore migrate to the positive (red Cathode) 

pole. There are three factors that affect migration rate through a gel; size of the DNA, 

conformation of the DNA, and ionic strength of the running buffer. Usually for DNA, TBE as 

a running buffer and therefore ionic strength will be constant throughout if the same buffer is 

used. 

Electrophoresis is essentially a sieving process. The larger the fragment of DNA, the more 

easily wills it become entangled in the matrix and, therefore, the more slowly will it migrate. 

Small fragments, therefore, run more quickly than large fragments at a rate proportional to 

their size. The relationship of size to migration rate is linear throughout most of the gel, 

except for the very largest fragments. Large fragments have a more difficult time penetrating 

the gel and their migration, therefore, does not have a linear relationship to size. The matrix 

can be adjusted, though, by increasing the concentration of agarose (tighter matrix) or by 

decreasing it (looser matrix). A standard 1% agarose gel can resolve DNA from 0.2 - 30 kb in 

length. 

 Agarose gels are referred to as submarine gels because the slab is laid horizontally 

and is completely covered by running buffer. There are number of different gel boxes in two 

basic sizes. The larger boxes have gel beds of approximately 11 x 14 cm (gel bed). The 

smaller boxes typically referred to as “baby gels” have gel beds of approximately 50 x 75 cm. 

In most cases, the gel tray is removable and the gel is poured outside of the box. Each type of 

gel box has its own unique way of sealing the gel bed to prevent leakage of the agarose. Baby 

gels are used for quick checks. Their resolution isn’t great but the gel runs within 30 to 40 

minutes and is very useful for monitoring longer reactions. The larger boxes can be run either 

with a single comb at the top of the gel, or with a second set of combs in the middle. In this 

way, twice the number of samples can be run, but the resolution is similar to a baby gel. 

5.7. SEPARATION OF PROTEIN Protein electrophoresis consists of the separation of 

proteins or peptides as ions that are driven differently (in order to achieve separation) under 

an electric field. Two modes of electrophoresis are mostly used for peptide and protein 

separation; zone electrophoresis and isoelectric focusing. But many are variation of these 

main types as per the need of separation of protein of interest or resolution required. 



Unit-5: Polyacrylamide gel eclectrophoresis 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-2: Unit-5 Page 94 

 

 Electrophoretic 

separations of native 

proteins 

 Electrophoretic 

separations of 

denatured proteins 

(SDS gel 

electrophoresis) 

 Isoelectrical focussing 

gel electrophoresis 

 Classical high-

resolution 2D 

electrophoresis 

In case of native gel 

electrophoresis the crude or partially purified proteins are subjected to electrophoresis 

without a denaturing step like heating with SDS. Here the separation is depended only on the 

net charge on the protein under electrophoretic condition and the buffer system used.  

 In zone electrophoresis, a speed race is made in the separation medium, usually at 

constant pH, and the speed of each analyte is dictated by its charge, which drives it under the 

electric field, and by the friction forces, which slow it down. In order to minimize the impact 

of diffusion, which always tends to broaden the peaks of analytes, and also to minimize the 

impact of the volume of the initial sample on the final resolution, a special trick, called 

discontinuous electrophoresis, is used. In this system, a composite separation medium with 

two phases is used. The sample is loaded on top of the first phase, called the concentration 

phase, where an isotachophoresis is carried out. Isotachophoresis (same speed 

electrophoresis) uses the rules of transport of ions in an electric field to build what is called a 

moving boundary, in which the ions are ranked in the order of their mobility. Under proper 

conditions, all analyte ions can be included in this moving boundary, whose dimensions are 

dictated by the ionic strength of the medium and by the concentration of each ion. By 

sweeping this moving boundary through the sample and then through the concentration phase 

of the separation medium, all analytes can be concentrated in the moving boundary. Although 

this produces a spectacular increase in resolution, the concentration zone reflects its name 

very adequately, because the analytes are extremely concentrated in the moving boundary, 
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with the risk that they exceed their solubility and start to precipitate. But, by definition, no 

macroscopic separation of the analytes takes place in the concentration phase. Separation 

takes place in another phase, called the separation phase, in which the speed of the moving 

boundary is increased to exceed the mobility of the analytes, which are left behind and 

separated by zone electrophoresis in the trailing phase. 

Isoelectric focusing exploits special properties of some complex ions, which bear both 

weak acid and weak bases, which is the case of peptides and proteins via the amino and 

carboxy termini and by the side chains of some amino acids. Such complex ions have an 

isoelectric point, also noted pI (i.e. a pH at which the positive and negative charges are equal) 

so that the resulting electric charge of the analyte is zero. Below the isoelectric point (i.e. at a 

more-acidic pH) the analyte will be a cation, and above the isoelectric point (i.e. more-basic 

pH) it will be an anion. 

The basis of isoelectric focusing is to use a separation medium in which a smooth pH 

gradient that encompasses all of the pIs of the analytes of interest. If the acidic end of the 

gradient is connected to the + electrode and the basic end to the - electrode, then the analytes 

will be separated according to their pIs, in the sense that each analyte, wherever it is applied 

in the pH gradient, will migrate to its steady-state position represented by its pI. The method 

is called isoelectric focusing because each analyte is concentrated at its pI by the 

counteracting forces induced by diffusion (which tends to broaden the analyte zone) and by 

the electric field (which tend to drive back the analyte at its exact pI. 

 

5.8. SEPARATION OF LIPOPROTEINS 

 The complex nature and physical diversity of the lipid particle permit analytic 

investigations from multiple aspects including charge, size, shape, solubility, immuno-

reactivity, density, matrix composition. However it was charge that in 1967, Fredrickson et 

al. (REF) characterized five hyperlipoproteinemia phenotypes from the four dominant plasma 

lipoproteins. Their names derived from their relative migrations towards the positive pole 

(anode) through a gel: alph-lipoproteins, pre-beta-lipoproteins, beta-lipoproteins, and 

chylomicrons. The lipoprotein class designations matured thru ultracentrifugation techniques, 

associating electrophoretic with particle density nomenclature. Thus, alpha particles were 

high-density lipoproteins (HDL), pre-beta-particles were very-low-density lipoproteins 

(VLDL), and beta particles were low-density lipoproteins (LDL). Chylomicrons remained at 

the origin.  
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 Lipids display a number of different and important roles in metabolic processes, they 

serve as hormones, and they participate in digestion, act as an energy store, can be used as 

metabolic fuel and are important components of biological membranes. 

Correlations between plasma lipid abnormalities and atherosclerosis have been established. 

Lipoproteins are macromolecular complexes composed of lipids and proteins. 

Lipoproteins are spherical particles consisting of a core of non polar lipids surrounded by 

polar lipids and one or more proteins, the apoproteins, at the surface. The core contains 

triglycerides, cholesterol esters, phospholipids and free cholesterol. 

 

  The different proportions in the lipoprotein complexes of proteins and lipids allow 

their separation by electrophoresis on agarose gel, based on differences in their net charge. At 

alkaline pH four bands can be resolved: alpha-lipoprotein, pre-beta-lipoprotein, beta-

lipoprotein and chylomicrons. Disorders of lipoproteins metabolism comprise a variety of 

conditions including hyperlipoproteinimias due to increased production of lipoproteins. They 

have been classified according to Fredrickson and co-workers into five main groups, each 

associated to an electrophoretic pattern and graph. Interpretation of these profiles is important 

for the management of hyperlipoproteinemias. Interfering substances: EDTA activates lipases 

and should be avoided. 

  

5.9. SEPARATION OF NUCLEIC ACIDS 

 The gel electrophoresis as a method of separating and analyzing DNA has 

significantly influenced the progress achieved in molecular biology. The electrophoresis is a 

method that separates molecules on the basis of their size, electric charge, and other physical 

properties. The DNA gel electrophoresis refers to the technique in which DNA 

macromolecules are forced across a span of gel, which is a colloid in solid form, motivated 

by an electrical current. Two types of gel matrices, agarose and polyacrylamide gels, are 

mostly used for DNA gel electrophoresis. In these gels the electrophoretic mobility of 

macromolecules is thought to be determined primarily by the volume fraction of pores within 

the gel that the macromolecules can enter. Hence, a mixture of DNA molecules of different 

sizes will separate into discrete blobs or bands in the process of electrophoresis. Since DNA 

is negatively charged because of its phosphate groups, it migrates in an electrical field. The 

electrophoretic mobility of DNA fragments in solution is independent of the molecular mass. 

However, electrophoresis of DNA in gel matrices (agarose or polyacrylamide) at constant 
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field strength is an effective method of separating DNA molecules according to molecular 

mass. 

Important experimental parameters are gel concentration, field strength, temperature, 

and running time. Gels of 0.5–2% are usually employed for the separation of 50 – 20,000 

base pairs at field strengths of 2 – 3 V/cm. The mobilities of linear and supercoiled DNA of 

equivalent molecular mass are different. Estimation of the molecular mass of supercoiled  

DNA molecules based on linear standards is therefore not possible. Polyacrylamide gels (4 – 

12%) give a sharp separation of polynucleotides up to a length of about 600 base pairs. 

Special gels can separate polynucleotides with up to 2500 base pairs. Mobility varies 

logarithmically with the size of the DNA at field strengths below 1 V/cm. Separation 

efficiency is limited in the range of 10000 – 50000 base pairs, there is no resolution above 50 

000 base pairs. Denaturing gels (with urea) are used in the sequencing and analysis of single-

stranded nucleic acids. Under special conditions, the behaviour of individual DNA molecules 

in an electric field can be observed with a fluorescence microscope. 
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Samples of DNA, digested by specific restriction enzymes also can be separated by 

this method. The digested samples or DNA segments of different sizes are loaded in the 

separated wells at the front edge of the gel. After turning on the power supply each sample 

runs in its own trace (the so-called lane). A fluorescent dye is used for marking the positions 

of the DNA bands in the gel which is then photographed to provide a permanent record of the 

electrophoresis experiment. In the recent years a number of software systems have been 

developed for digitization of the photographs of electrophoretic gels, processing and analysis 

of the digitized images to yield the final information on DNA fragment mobility, i.e., the 

band positions in each individual lane given in molecular weight (DNA base pairs).  

 

Pulse-field electrophoresis is used to separate larger linear DNA molecules. Here the 

direction of the electric field is changed at intervals. The DNA molecules therefore have to 

change their orientation; the time required for this change depends on the size of the DNA. 

Unlike conventional electrophoresis (duration 30 – 60 min), a pulse-field run takes 20 – 140 

h. Usually, 1.5% agarose gels are used and 10 – 20 μg of DNA can easily be separated at  

field strengths of 2.5 – 10 V/cm. Separation can be achieved up to 12×106 base pairs.  

Separation is affected by DNA topology and sequence, pulse time (seconds to minutes), field 

geometry, field strength, gel composition, sample concentration, temperature, and running 

time.  

 

Electrophoresis in agarose or polyacrylamide gels is the most usual way to separate 

DNA molecules according to size. The technique can be used analytically or preparatively, 

and can be qualitative or quantitative. Large fragments of DNA such as chromosomes may 

also be separated by a modification of electrophoresis termed pulsed field gel electrophoresis 

(PFGE). The easiest and most widely applicable method is electrophoresis in horizontal 

agarose gels, followed by staining with ethidium bromide. This dye binds to DNA by 

insertion between stacked base pairs (intercalation), and it exhibits a strong orange/red 

fluorescence when illuminated with ultraviolet light. Very often electrophoresis is used to 

check the purity and intactness of a DNA preparation or to assess the extent of an enzymatic 

reaction during for example the steps involved in the cloning of DNA. For such checks 

‘minigels’ are particularly convenient, since they need little preparation, use small samples 

and give results quickly. Agarose gels can be used to separate molecules larger than about 

100 bp. For higher resolution or for the effective separation of shorter DNA molecules 

polyacrylamide gels are the preferred method. When electrophoresis is used preparatively, 
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the piece of gel containing the desired DNA fragment is physically removed with a scalpel. 

The DNA may be recovered from the gel fragment in various ways. This may include 

crushing with a glass rod in a small volume of buffer, using agarase to digest the agarose 

leaving the DNA, or by the process of electroelution. In this method the piece of gel is sealed 

in a length of dialysis tubing containing buffer, and is then placed between two electrodes in 

a tank containing more buffer. Passage of an electrical current between the electrodes causes 

DNA to migrate out of the gel piece, but it remains trapped within the dialysis tubing, and 

can therefore be recovered easily.  

Gel electrophoresis remains the established method for the separation and analysis of 

nucleic acids. However a number of automated systems using pre-cast gels and standardised 

reagents are available that are now very popular. This is especially useful in situations where 

a large number of samples or high-throughput analysis is required. In addition technologies 

such as the Agilents’ Lab-on-a-chip have been developed that obviate the need to prepare 

electrophoretic gels. These employ microfluidic circuits constructed on small cassette units 

that contain interconnected micro-reservoirs. 

The sample is applied in one area and driven through microchannels under 

computercontrolled electrophoresis. The channels lead to reservoirs allowing, for example, 

incubation with other reagents such as dyes for a specified time. Electrophoretic separation is 

thus carried out in a microscale format. The small sample size minimises sample and reagent 

consumption and the units, being computer controlled, allow data to be captured within a 

very short timescale. More recently alternative methods of analysis including high 

performance liquid chromatography based approaches have gained in popularity, especially 

for DNA mutation analysis. Mass spectrometry is also becoming increasingly used for 

nucleic acid analysis. 

 

Note: As visualization of separated protein by gel electrophoresis is dealt in next Unit, 

detection by staining etc, of separated proteins are not discussed in this unit.  

 

5.10. SUMMARY:  

The movement of small particles through a gel by the application of electricity. The particles 

can be DNA, RNA, or proteins. The matrix nature of the gel acts as a sieve to slow the 

progress of the molecules. Smaller molecules move more rapidly and thus further. Gel 
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electrophoresis separates molecules on the basis of size, but is also influenced by molecule 

shape and charge density. The most common electrophoresis for proteins is SDS-PAGE and 

for DNA is Agarose electrophoresis. As per the availability of different form of 

electrophoresis it is possible to use this technique as an analytical as well as preparative tool 

in the laboratory analysis of bio molecules. Electrophoresis is familiar and generally used in 

genomics and proteomics based on the high resolution output separation and ease of use and 

preparation of required solution. A great variety of slab gel modules are available and it can 

be used according to the requirement of the size, charge and activity of the biomolecules 

applied.  

5.11. KEY WORDS: 

 Electrophoresis, SDS, Agarose, protein, separation, molecular weight, charge, 

polyacrylamide, band, zone electrophoresis, 2D-electrophoresis, separation of proteins 

and nucleic acids. 

5.12. QUESTIONS FOR SELF STUDY 

1. What is Gel elctrophoreis 

2. Explain the principle of SDS PAGE and application 

3. Describe Native Poly acrylamide gel electrophoresis 

4. How proteins can be separated using electrophoresis 

5. Discuss different electrophoresis methods available for proteins 

6. How plasma Lipoproteins can be analysed by electrophoresis  

7. Give an account of DNA electrophoresis and its applications in Molecular biology 
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6.0 OBJECTIVES: After studying this unit thoroughly, you should be able to:  

 Enumerate the available methods of bimolecular detection after electrophoresis 

 Follow different staining methods and working principles of visualization of proteins 

 Compare different staining methods; Normal and Fluorescence and its advantages and 

disadvantages 

 Explain how bands of proteins or DNA can be detected by autoradiography 

 Explore special staining techniques like PAS and Silver stains and its applications  

 

6.1 INTRODUCTION: 

 Once protein or DNA bands have been separated by electrophoresis, they can be visualized 

using different methods when the separated protein or DNA still in the gel. A variety of 

staining techniques are developed for this purpose over the past several decades. Each 

method has particular advantages and disadvantages, and a number of specific formulations 

of each type of method provide optimal performance for various situations. This unit 

discusses the general principles of protein and DNA gel staining and other detection methods 

employed in detection of biomolecules in electro gram and describe several types of detection 

and visual method and recording techniques used.  

6.2 VISUALIZING SEPARATED MACROMOLECULES: 

Staining 

 The first step after performing denaturing polyacrylamide gel electrophoresis (SDS-

PAGE) is to disassemble the gel cassette and place the thin (1 mm thick) polyacrylamide gel 

in a tray filled with water or buffer. The electrophoresed proteins exist as concentrated 

"bands" embedded within each lane of the porous polyacrylamide gel matrix. Typically, the 

proteins are still bound to anionic SDS detergent, and the entire gel matrix is saturated in a 

particular buffer. To make the proteins visible, a protein-specific, dye-binding or color-

producing chemical reaction must be performed on the proteins within the gel. Depending on 

the particular chemistry of the stain, various steps are necessary to hold the proteins in the 

matrix and to facilitate the necessary chemical reaction. All steps are done in solution, i.e., 

with the gel suspended in a tray filled with one liquid reagent or another. 
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Given the common constraints of this format, most staining methods involve some 

version of the same general incubation steps: A water-wash to remove electrophoresis buffers 

from the gel matrix An acid- or alcohol-wash to condition or fix the gel to limit diffusion of 

protein bands from the matrix. Treatment with the staining reagents to allow the dye or 

chemical to diffuse into the gel and bind (or react with) the proteins. Distaining to remove 

excess dye from the background gel matrix. 

Depending on the particular staining method, two or more of these functions can be 

accomplished with one step. For example, a dye reagent that is formulated in an acidic buffer 

can effectively fix and stain in one step. Conversely, certain functions require several steps. 

For example, silver staining requires both a stain-reagent step and a developer step to produce 

the colored reaction product. 

 

6.3 COOMASSIE STAINGING 

 The most common method for in-gel protein detection is staining with coomassie dye. 

Several coomassie stain reagent recipes exist in the literature and use either the G-250 

(“colloidal”) or R-250 form of the dye. Colloidal coomassie can be formulated to effectively 

stain proteins within one hour and require only water (no methanol or acetic acid) for 

destaining. 
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Comassie stained PAGE gel. 

 In acidic buffer conditions, coomassie dye binds to basic and hydrophobic residues of 

proteins, changing from dull reddish-brown to intense blue. As with all staining methods, 

coomassie dye reagents detect some proteins better than others based on their chemistry of 

action and differences in protein composition. Thus, coomassie dye reagents can detect as 

few as 8-10 nanograms per band for some proteins and 25 nanograms per band for most 

proteins. 

Coomassie dye staining is especially convenient because it involves a single, ready-to-use 

reagent and does not permanently chemically modify the target proteins. An initial water 

wash step is necessary to remove residual SDS, which interferes with dye-binding. Then stain 

reagent is added, usually for about 1 hour; finally, a water or simple methanol:acetic acid 

destaining step is used to wash away excess non-bound dye from the gel matrix. Because no 

chemical modification occurs, excised protein bands can be completely destained and the 

proteins recovered for analysis by mass spectrometry or sequencing. 

 

6.4 SILVER STAINING 

 Silver staining is the most sensitive colorimetric method for detecting total protein. 

The technique involves the deposition of metallic silver onto the surface of a gel at the 

location of protein bands. Silver ions (from silver nitrate in the stain reagent) interact and 

bind with certain protein functional groups. Strongest interactions occur with carboxylic acid 

groups (Asp and Glu), imidazole (His), sulfhydryls (Cys), and amines (Lys). Various 

sensitizer and enhancer reagents are essential for controlling the specificity and efficiency of 

silver-ion binding to proteins and effective conversion (development) of the bound silver to 

metallic silver. The development process is essentially the same as for photographic film; 

silver ions are reduced to metallic silver, resulting in brown-black color. 
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It is the most sensitive method for permanent staining of proteins or nucleic acids in 

polyacrylamide gels. It creates a record of the electrophoresis result that can be viewed 

without any special equipment. It is, however, a complex, multi-step process, and many 

variables can influence the result. High purity reagents and precise timing are necessary for 

reproducible, high-quality results.  

Consider that every staining protocol is divided into five main phases. In the first step, 

the gel is fixed to eliminate the interfering substances otherwise giving a high background 

and therefore poor contrast (e.g. SDS, ampholytes, amino acids, Tris). In the second step, the 

gels are sensitized, i.e. treated with an agent which, will eventually increase the sensitivity 

and/or the contrast. In the third step, the gel is impregnated with the silvering agent. Two 

main families of silver staining methods can be distinguished at this step, those using silver 

nitrate solutions as the silvering agent (acidic methods) and those using a basic silver-

ammonia or less frequently a silver-amine complex (basic methods). In the fourth step, the 

image is developed, generally by a dilute formaldehyde solution. In the last step, the reaction 

is stopped to prevent overdevelopment and the gel is prepared for storage. 

 

Silver staining of Proteins after electrophoresis.  
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The main physic-chemical reaction in silver stain is polyacrylamide gels are 

impregnated with soluble silver ion (Ag
+
) and developed by treating with a reductant. Then 

macromolecules in the gel begin the reduction of silver ion to metallic silver (Ag 
0
) which is 

insoluble and visible allowing protein or nucleic acid containing bands to be visible. The 

initial deposition of metallic silver promotes further deposition in an auto catalytic process, 

resulting in exceptionally high sensitivity.  

 

Silver staining of Nucleic acid in Gels. 

 

The silver staining process consists of the following steps: Fixing, sensitization, silver 

impregnation, development, stopping, and gel preservation. Water washes are also included 

between some of the steps. 

 

Fixing: In the fixing step, the gel is treated with acid. This renders the macromolecules in the 

gel insoluble and prevents them from diffusing out of the gel during subsequent staining 

steps. Substances in the gel that interfere with silver staining such as buffers, ions, 

denaturants, detergents or carrier ampholytes, are washed out of the gel during this step. 

 

Sensitization: The gel is treated with reagents that chemically modify proteins, rendering 

them more reactive toward silver, and reagents that accelerate the subsequent reduction of 

silver ion. This step greatly enhances the sensitivity of silver staining for protein but is not 

necessary when silver staining DNA. Excess sensitization reagent results in a high level of 
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background staining, so the gel is washed thoroughly with distilled or de-ionized water 

following the sensitization step. 

 

Silver impregnation: In this step, the gel is treated with silver nitrate. Mildly acidic 

conditions prevent silver ion from being reduced to metallic silver. The gel is briefly washed 

following this step to remove excess silver from the gel surface.  

 

Development: The development solution contains formaldehyde, which reduces silver ion to 

metallic silver. This reaction only proceeds at high pH, so sodium carbonate is included to 

render the development solution alkaline.  

 

Stopping and preservation: The stopping solution prevents further reduction of silver ion. 

The preservation solution contains glycerol, which prevents the gel from cracking during 

drying.  

Silver staining protocols require several steps that are affected by reagent quality as 

well as incubation times and thickness of the gel. An advantage of commercially available 

silver staining kits is that the formulations and protocols are optimized and consistently-

manufactured, helping to minimize the effects of minor differences in day-to-day use. Kits 

with optimized protocols are robust and easy to use, detecting less than 0.5 nanograms of 

protein in typical gels. Silver stains use either glutaraldehyde or formaldehyde as the 

enhancer. These reagents can cause chemical crosslinking of the proteins in the gel matrix, 

limiting compatible with destaining and elution methods for analysis by mass spectrometry 

(MS). Therefore, optimization of sensitivity vs. protein-recoverability is critical when silver 

staining as part of an MS-workflow. Silver stain formulations can be made such that protein 

bands stain black, blue-brown, red or yellow, depending on their charge and other 

characteristics. This is particularly useful for differentiating overlapping spots on 2D gels. 

 

6.5 ZINK STAIN 

 Zinc staining method, stains all areas of the polyacrylamide gel in which there are no 

proteins instead of staining the proteins. In this procedure Zinc ions complex with imidazole, 

this precipitates in the gel matrix except where SDS-saturated protein occurs. The milky-

white precipitate renders the background opaque while the protein bands remain clear. The 

process is short, about 15 minutes, and the gel can be photographed by viewing the gel over a 

dark background. Zinc staining is as sensitive as typical silver stains (detects less than 1 ng of 
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protein) and there are no fixation steps. Furthermore, the stain is easily removed, making this 

method compatible with mass spectrometry or Western blotting. 

 

6.6 FLUORESCENCE STAINS 

The recent improvements in fluorescence imagers and fluorescent applications have 

resulted in greater demand for fluorescent stains beyond the traditional ethidium bromide 

stain for nucleic acids. A number of total protein fluorescent stains have been introduced in 

recent years. Newer fluorescent total protein stains provide exceptional fluorescent staining 

performance with fast and easy procedures. The most useful are those whose excitation and 

emission maxima corresponding to common filter sets and laser settings of popular 

fluorescence imagers. 

 

Fluorescence staining of Proteins in Gels. 

 

Fluorescence staining is getting popularity. Several recently developed fluorescence 

stains are suitable for incorporation in proteomics platforms. The linear dynamic range  of 

detection using fluorescence stains is generally superior to colorimetric or reverse stains. 

Nile Red Fluorescent dye has extinction maxima of about 300 -500 nm, and an 

emission maxima of 640 nm. The detection sensitivity of 20-100 ng for Nile Red is slightly 

superior than Coomassie blue staining. Likewise SYPRO Red, SYPRO orange and SYPRO 

Tangerine dyes can detect proteins in SDS-PAGE in one step staining procedure that require 

30-60 minutes only and does not involve a distaining step. As little as 4-8 ng of protein can 
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be detected. Since all 3 dyes exite at roughly 300 nm, documentation of stained gels can 

readily be achieved  by photography or laboratory tnasilluminator.  

Most fluorescent stains involve simply dye-binding mechanisms rather than chemical 

reactions that alter protein functional groups. Therefore, most are compatible with destaining 

and protein recovery methods for downstream analysis by mass spectrometry. Accordingly, 

they are frequently used in both 1D and 2D applications. 

 

6.7 PAS (PERIODATE ACID-SCHIFF) STAINING 

 Sometimes it is desirable to detect a subset of proteins rather than all of the proteins in 

a gel. Glycoproteins and phosphoproteins are categories of proteins that are classified on the 

basis of a particular type of chemical moiety (i.e., polysaccharides and phosphate groups, 

respectively). When a dye-binding or color-producing chemistry can be designed to detect 

one of these functional groups, it can be used as the basis for a specific gel stain. 

 

Comparison of PAS and Coomassie stains of Glycoproteins. 

Proteins that have been post-translationally modified by glycosylation can be detected by a 

procedure which involves chemical activation of the carbohydrate into a reactive group. The 

method works by fixing the proteins in the gel and then oxidizing the sugar residues with 

sodium meta-periodate. The resulting aldehyde groups can then be reacted with an amine-

containing dye. In older literature, this method is known as the periodate acid-Schiff (PAS) 

technique. A subsequent reduction step stabilizes the dye-protein bond. Both colorimetric and 

fluorescent dyes have been used and glycoprotein stain kits are available commercially. 

Another post-translational modification that can be detected is phosphorylation. When 

significant amounts of phophorylated proteins are present, the phosphate groups can be 

cleaved from phosphoserine and phosphothreonine residues and precipitated with calcium. 
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Then the resulting precipitate can be detected with molybdate and methyl green. When this 

method is used, the same gel can be stained for total protein content with a coomassie dye 

stain. 

Another useful specialized stain is one that detects 6xHis tagged fusion proteins. The 

polyhistidine tag can detect naturally occuring and fusion proteins in-gel, which eliminates 

the need to perform Western blots in order to screen expression levels. Several commercial 

versions of 6xHis tag stains are available and are sensitive enough to detect several hundred 

nanograms of protein. These procedures are generally require fluorescent detection and may 

also allow for subesquent coomassie staining for total protein in the same gel. 

 

6.8 ZYMOGRAM AND REVERSE ZYMOGRAM. 

 Zymography is an electrophoretic technique, based on SDS PAGE for measuring 

enzyme activity. The technique is particularly useful for analyzing the proteinase composition 

of complex biological samples. Zymography is also widely used to study various aspects of 

matrix metalloproteinase (MMP) function. 

 

Zymography techniques can be categorized as follows 

1. SUBSTRATE 

ZYMOGRAPHY: 

 Examples:  

• Gelatin Zymography 

• Casein Zymography 

• Collagen Zymography 

• Heparin-Enhanced 

Substrate Zymography 

In case of substrate 

Zymography when specific 

substrate is co-polymerized 

with the acrylamide. Then the 

proteins are separated by 
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electrophoresis under denaturing [sodium dodecyl sulfate (SDS)], nonreducing conditions. 

The separation occurs in a polyacrylamide gel containing a specific substrate that is co-

polymerized with the acrylamide. 

 

If active proteases are there under suitable buffer and temperature conditions it will 

become active and degrade the copolymerized substate and can be visualized by different 

staining methods like coomassie stains where the degraded substate applear as colorless. 

  

2. REVERSE ZYMOGRAPHY 

Zymography and reverse zymography are technique used to analyze the activities of 

matrix metalloproteinases (MMPs) and Tissue inhibitors of metalloproteinases (TIMPs). 

TIMPs can be detected by reverse zymography, which is a modification of zymography for 

MMPs. Besides gelatin, an MMP is also incorporated into the gel, usually MMP-2. During 

the activation step after electrophoresis, the MMP-2 only digests the gelatin in areas where 

TIMPs are absent. Thus, after staining, the gel will be colourless, except for the TIMP bands 

 

Reverse zymogram band showing colorless band corresponding to the absence of TIMS 

 

3. In Situ ZYMOGRAPHY 

In situ zymography allows the localization of MMPs in tissue sections and uses a substrate 

that is deposited on or under a frozen section of an unfixed tissue sample. During incubation, 

the substrate will be digested by the activated MMPs in a time- and dose-dependent manner 

The degradation of the substrate is detected by light microscopy or fluorescence 

microscopy, depending on the type of substrate. 
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6.9 SUMMARY: 

 Once after separation of proteins or nucleic acids by electrophoresis, different detection or 

visuliation methods are used to locate the separated bands. Many methods of staining, 

starting from simple coomassie to different specialized stains like silver stain, PAS staining, 

Fluorescence and zymography techniques used routinely for the purpose of detection, 

visualization are discussed in detail.  

 As per the need different visual methods are employed for recording and reporting 

results of electrophoresis separation. Sensitivity, low back ground colour and durability are 

some of the important characteristic required for the staining. Once understanding the 

principle of dyes or stains and precise protocols one can get the results of reporting quality. 

 

6.10 KEY WORDS:  

Staining of gels, Coomassie, PAS stain, Silver stain, Autoradiography, Fluorescence 

detection, Ethidium bromide, Blotting techniques, Zymogram, Reverse zymogram, In 

situ zymogram. 

 

6.11 QUESTIONS FOR SELF STUDY 
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1. Enumerate different methods available for visualization of protein bands after 

electrophoresis 

2. What are gel staining techniques discuss the principles 

3. Explain Coomassie gel stain and destaining procedures 

4. Define and give working principles of Silver staining 

5. Discuss Fluorescence staining of proteins and nucleic acids 

6. What is PAS staining procedures 

7. What is Zymogram and reverse zymogram and what is the application of these 

techniques? 
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4. Principles of Instrumental Analysis. 5th Ed. Douglas A Skoog, James Holler and 

Timothy A Nieman. 
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7.0 OBJECTIVES: To familiarize different types of electrophoretic techniques like  

 Isoelectric focussing 

 Pulsed field gel electrophoresis 

 High Voltage electrophoresis 

 Capillary electrophoresis  

 Isotachoporesis 

7.1 INTRODUCTION: 

 In this unit different formats of electrophoresis and its uses are discussed in detail. The 

principle of different kinds of electrophoresis, its working principle, purpose, and 

application limits are given. Wherever, possible diagrammatic construct of the specific 

instrumental set up is provided for the comprehension of the reader.  

Positive or negative electrical charges are frequently associated with 

biomolecules. When placed in an electric field, charged biomolecules move towards the 

electrode of opposite charge due to the phenomenon of electrostatic attraction. 

Electrophoresis is the separation of charged molecules in an applied electric field. The 

relative mobility of individual molecules depends on several factors. The most important 

of which are net charge, charge/mass ratio, molecular shape and the temperature, porosity 

and viscosity of the matrix through which the molecule migrates. Complex mixtures can 

be separated to very high resolution by this process.  

If a mixture of electrically charged biomolecules is placed in an electric field of 

field strength E, they will freely move towards the electrode of opposite charge. However, 

different molecules will move at quite different and individual rates depending on the 

physical characteristics of the molecule and on experimental system used. The velocity of 

movement, ν, of a charged molecule in an electric field depends on variables described by 

                                                             V=E. q / f  

where f is the frictional coefficient and q is the net charge on the molecule. The 

frictional coefficient describes frictional resistance to mobility and depends on a number 

of factors such as mass of the molecule, its degree of compactness, buffer viscosity and 

the porosity of the matrix in which the experiment is performed. The net charge is 

determined by the number of positive and negative charges in the molecule. Charges are 

conferred on proteins by amino acid side chains as well as by groups arising from post 
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translational modifications such as deamidation, acylation or phosphorylation. DNA has a 

particularly uniform charge distribution since a phosphate group confers a single negative 

charge per nucleotide. Equation 1 means that, in general molecules will move faster as 

their net charge increases, the electric field strengthens and as f decreases (which is a 

function of molecular mass/shape). Molecules of similar net charge separate due to 

differences in frictional coefficient while molecules of similar mass/shape may differ 

widely from each other in net charge. Consequently, it is often possible to achieve very 

high resolution separation by electrophoresis.  

 Based on the above principle different types of electrophoretic techniques are 

devised and used for different application or to improve a resolution of a given 

application many fold for separation of biomolecules in molecular biology labs. Important 

once are discussed below. 

  

7.2 ISO-ELECTRIC FOCUSING: 

 Isoelectric focusing (IEF) separates proteins based on their isoelectric points. The 

isoelectric point is defined as the pH at which a protein has no net charge (i.e., the number 

of negative and positive charges are equal) and is a measure of the protein's net charge. 

Separating proteins according to their net charge is accomplished by generating a pH 

gradient 

in an electric field. The effect of protein size on mobility is minimized by carrying out the 

electrophoresis gels with large pore sizes such as low acrylamide concentrations (eg., 

3.5%) or agarose. This large pore size minimizes the molecular sieving. 

 

 A pH gradient is generated with carrier ampholytes. These ampholytes are a 

mixture of aliphatic amines and either carboxylic or sulfonic acid. They have a high 

buffering capacity, low molecular weight (300-600 Da) and a range of pKa values. 

Initially the pH of an ampholyte solution will be the average of the pKa values of the 

mixture. Application of an electric current will cause the ampholytes to migrate toward 

the electrodes according to their charges. Ampholytes that have pKa values above the pH 

will be positively charged and those with pKa values below the pH will be negatively 

charged. As the ampholytes migrate this will result in changes in the local pH due to the 

buffering action of the ampholytes. This change in the local pH will affect the charge on 
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the ampholytes depending upon the pKa. The ampholytes will continue to migrate until 

they reach a position in which the local pH equals their pKa (i.e., no net charge). The end 

result is a pH gradient in which the most basic ampholytes are found at the cathode, a 

dilute alkali solution (eg., NaOH), and the most acidic ampholytes are at the anode, a 

dilute acid solution (eg., H3PO4). Carrier ampholytes with defined pH ranges can be 

purchased or prepared by isoelectric focusing 

 

Fig. 7.1 IEF general principle model. 

 Proteins are also ampholytes and will migrate within the pH gradient until they 

reach a pH equal to their isoelectric point. The carrier ampholytes are needed since the 

protein concentration is generally not high enough to establish a stable pH gradient and 

the isoelectric points of the proteins may not be uniformly distributed along a pH 

gradient. 

 Sample preparation is important for IEF in that many reagents can adversely affect 

isoelectric focusing. In particular, the ionic strength should be as low as possible. 

Precipitation of proteins with acetone is a method for removal of excess salts, as well as 

concentrating the protein. Separations can be performed under either native or denaturing 

conditions. Urea is the preferred denaturing agent since it is uncharged. Similarly, non-

ionic detergents, such as Triton X-100 or NP-40, are less likely to interfere with the 

formation of pH gradients. Protein precipitation is sometimes a problem in that proteins 
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tend to be less soluble at their isoelectric points and their local concentrations can be quite 

high. In addition, the high voltages and high resistance (see below) associated with IEF 

generates substantial heat which increases protein precipitation. Many apparatuses for 

IEF will have a cooling mechanism to disperse the excess heat. Inclusion of urea and NP-

40 in the gels will also minimize protein precipitation. 

 

 IEF is an equilibrium phenomenon since the components of the system migrate 

until they have no net charge. As the system approaches equilibrium the resistance 

approaches infinity since there are no ions to conduct the current. However, the pH 

gradient will start to break down before true equilibrium is reached and the ampholytes 

will migrate into the anode 

and cathode buffers. This gradient breakdown is accompanied by a lowering of the 

resistance. 

Therefore, the progress of IEF can be followed by performing the electrophoresis under 

constant voltage and monitoring the current. Initially the current will rapidly drop in 

concordance with the rapid migration of the ampholytes. As the ampholytes lose their net 

charge, the resistance increases and the current decreases (E = IR). The rate at which the 

current decreases levels off as the system approaches equilibrium. The current will start to 

rise again when the pH gradient starts to break down. IEF needs to be discontinued before 

this point. 

The pH gradient can be determined with marker proteins with known isoelectric 

points or by measuring the pH along the gel. This is accomplished by slicing the gel into 

pieces, eluting the ampholytes into distilled water and measuring the pH. 

 

7.3 PULSEDFIELD ELECTROPHORESIS (PFGE): 

 PFGE differs from conventional Agarose electrophoresis in that the orientation of 

the electric field across the gel is periodically changed in contrast to being unidirectional 

and constant in standard electrophoresis. The variability in the electric field allows PFGE 

to resolve the very large fragments (>600 kb) associated with this analysis.The agarose 

gel methods for DNA described above can fractionate DNA of 60 kb or less. The 

introduction of pulsed-field gel electrophoresis (PFGE) and the further development of 

variations on the basic technique now mean that DNA fragments up to 2 - 103 kb can be 
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separated. This therefore allows 

the separation of whole 

chromosomes by electrophoresis. 

The method basically involves 

electrophoresis in agarose where 

two electric fields are applied 

alternately at different angles for 

defined time periods (e.g. 60 s). 

Activation of the first electric field 

causes the coiled molecules to be 

stretched in the horizontal plane 

and start to move through the gel. 

Interruption of this field and 

application of the second field 

force themolecule to move in the 

new direction. Since there is a 

length-dependent relaxation behaviour when a long-chain molecule undergoes 

conformational change in an electric field, the smaller a molecule, the quicker it realigns 

itself with the new field and is able to continue moving through the gel. Larger molecules 

take longer to realign. In this way, with continual reversing of the field, smaller molecules 

draw ahead of larger molecules and separate  according to size. PFGE has proved 

particularly useful in identifying the course of outbreaks of bacterial foodborne illness 

(e.g. Salmonella infections). Having isolated the bacterial pathogen responsible for the 

illness from an individual, the DNA is isolated and cleaved into large fragments which 

are separated by PFGE. For example, DNA from Salmonella species, when digested with 

the restriction enzyme Xba1, gives around 15 fragments ranging from 25 kb to 680 kb. 

This pattern of fragments, or ‘fingerprint’, is unique to that strain. If the same fingerprint 

is found from bacteria from other infected people, then it can be assumed that they were 

all infected from a common source. Thus by comparing their eating habits, food sources, 

etc. the source of the infection can be traced to a restaurant, food item, etc.  

 

7.4 HIGH VOLTAGE ELECTROPHORESIS:  

Fig. 7.2 PFGE uses two electrical fields 

situated at 120
0
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Conventional electrophoretic techniques employ low voltage current supply to 

evaluate differential mobility of charged particles in an electric field. But, these 

conditions are suitable for separating medium to high molecular weight molecules and the 

separation time is proportional to the field strength. But, in case of low molecular weight 

molecules, it is desirable to use as high a voltage in order to obtain quick separation, a 

high resolving power and an easier detection of components present in low 

concentrations. 

The definition of high-voltage technique implies the application of a potential gradient of, 

at least, 50 V/cm, To obtain the full benefit of this technique it is advisable, however, to 

aim at the use of potential gradients of 100 V/cm and more, though the difficulties in 

designing suitable equipment for this range become progressively greater with the 

increasing voltage. But, the disadvantage of high voltage is the increased temperature and 

the resulting heat which affects the electrophoretic mobility. To overcome this problem, it 

is essential that the generated heat be effectively dissipated so that there is no significant 

temperature rise during the experiment. The level of applied voltage is thus limited only 

by the efficiency of the cooling system, which can employ the principles of evaporation, 

conduction or radiation, 

In contrast to conventional electrophoretic techniques, high-voltage electrophoresis offers 

a rapid and reproducible method for the separation and identification of small amphoteric 

molecules. Application of this method to the separation of amino acids in hereditary or 

acquired types of hyperaminoacidurias as well as alterations in indole, phenol, porphyrin, 

amine and vitamin metabolism is demonstrated. In addition, separation of other 

components such as inorganic ions, purines, pyrimidines or low molecular carbohydrates 

is also possible by high voltage electrophoresis. 

 

7.5 CAPILLARY ELECTROPHORESIS 

 Capillary electrophoresis is also a promising fractionation technique for proteins 

and nucleic acids. Separations occur in uncoated or coated glass capillaries. High voltage 

(10-30 kV) plus efficient cooling permit rapid (10-30 min) high-resolution separations. 

Instruments are automated, give reproducible separations, and have good data 

capabilities. It is the most efficient separation technique available for the analysis of both 

large and small molecules. Capillary electrophoresis (CE) is electrophoresis performed in 
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a capillary tube. The CE is carried out by the production of inexpensive narrow-bore 

capillaries for gas chromatography.  

 

 

Fig. 7.3. Capillary Electrophoresis Instrumental set up 

 

The basic instrumental set-up, which is illustrated in Figure 1, consists of a high 

voltage power supply (0 to 30 kV), a fused silica (SiO2) capillary, two buffer reservoirs, 

two electrodes, and an on-column 

detector. Sample injection is 

accomplished by temporarily 

replacing one of the buffer 

reservoirs with a sample vial. A 

specific amount of sample is 

introduced by controlling either the 

injection voltage or the injection 

pressure. 

 

The unprecedented 

resolution of CE is a consequence 

of the technique’s extremely high 

efficiency. The separation 
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efficiency of CE and other high-resolution techniques such as chromatography and field-

flow fractionation is modeled by the van Deemter equation, which relates the plate height, 

H, to the velocity, νx,of the carrier gas or liquid along the separation axis, x.  

 

Capillary column: The capillary column is a key element of the CE separation. 

Fused silica is by far the most frequently used material, although columns have been 

made of Teflon and borosilicate glass. The widespread use of fused silica is due to its 

intrinsic properties, which include transparency over a wide range of the electromagnetic 

spectrum and a high thermal conductance. Fused silica is also easy to manufacture into 

capillaries with diameters of a few micrometers. Many reports describe the covalent 

attachment of silanes with neutral or hydrophilic substituents to the inner wall of the 

capillary in order to reduce electroosmotic flow and prevent adsorption of the analyte; 

coatings also tend to stabilize the pH. An uncoated fused silica capillary is prepared for its 

first use in electrophoresis by rinsing it with 10 to 15 column volumes of 0.1 M NaOH 

followed by 10 to 15 column volumes of water and 5 to 10 column volumes of the 

separation buffer. For a coated capillary, the preparation procedure is the same except that 

0.1 M NaOH is replacedwith methanol. In commercial instruments, the carrier fluid is 

forced through the capillary by either applying pressure to the inlet reservoir or reducing 

pressure at the outlet reservoir. 

 

7.6 TYPES OF CAPILLARY ELECTROPHORESIS: 

Currently, there are five major modes of operation of CE: capillary zone 

electrophoresis (CZE), also referred to as free solution or free flow capillary 

electrophoresis; micellar electrokinetic chromatography (MEKC); capillary gel 

electrophoresis (CGE); capillary isoelectric focusing (CIEF); and capillary 

isotachophoresis (CITP). 

 

In CZE, separations are controlled by differences in the relative electrophoretic 

mobilities of the individual components in the sample or test solution. The mobility 

differences are functions of analyte charge and size under specific method conditions. 

They are optimized by appropriate control of the composition of the buffer, its pH, and its 

ionic strength.  
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In MEKC, ionic surfactants are added to the operating buffer at a concentration 

above their critical micelle concentration. The micelles provide a pseudostationary phase 

with which analytes can partition. This technique is useful for the separation of neutral 

and ionic species. 

CGE, which is analogous to gel filtration, uses gel-filled capillaries to separate 

molecules on the basis of relative differences in their respective molecular weight or 

molecular size. It was first used for the separation of proteins, peptides, and oligomers. 

Gels may have the advantage of decreasing the EOF and also significantly reducing 

protein adsorption onto the inner wall of the capillary, which can significantly reduce 

analyte peak tailing effects. 

 In CIEF, substances are separated on the basis of their relative differences in 

isoelectric points. This is accomplished by achieving steady-state sample zones within a 

buffer pH gradient, where the pH is low at the anode and high at the cathode. 

The gradient is established by applying a voltage across a capillary filled with a mixture 

of carrier components consisting of amphoteric substances having different pI values. 

 

CITP employs two buffers that enclose the analyte zones between them. Either 

anions or cations can be analyzed in sharply separated zones. In addition, the analyte 

concentrations are the same in each zone; thus, the length of each zone is proportional to 

the amount of the particular analyte. The most commonly utilized capillary 

electrophoresis techniques are CZE and MEKC. These are briefly discussed in the 

following sections. Pertinent general principles and theory, instrumental considerations, 

analysis, and operational considerations 

and parameters are discussed as well. 

 

7.7 ISOTACHOPHORESIS:  

Isotachophoresis comes from the terms 

“iso” (same) + “tacho” (velocity) + 

“phoresis” (electrophoresis). It is also 

known as displacement electrophoresis 

and multizonal electrophoresis. 

Capillary isotachophoresis (CITP) is 
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isotachophoresis performed in a capillary. In CITP, a sample is inserted between a 

leading electrolyte and a trailing (or terminating) electrolyte without electroosmotic flow. 

The leading electrolyte has a higher mobility and the trailing electrolyte has a lower 

mobility than ions in the sample zone. Separation in CITP relies on differences in the 

velocities, υi , of analyte ions within the sample zone. 

Isotachophoresis (ITP) is a form of steady-state electrophoresis in which a voltage 

gradient generated by using buffers of differing mobility at constant current is used. It is 

therefore a discontinuous system. Electrophoresis proceeds until all ionic analytes are 

migrating with the same (iso) speed (tacho). Leading electrolytes are usually small ions 

such as chloride and the terminating electrolytes are larger buffer ions such as histidine. 

Sample Applying the voltage causes the analytes to separate into zones according to their 

mobilities, but they must remain adjacent in order for the current to be carried. From 

Ohm’s law all zones including the terminating and leading electrolytes must carry the 

same current so R and V must increase. When a steady state is obtained all bands have the 

same ionic concentration because they must have the same R so they will be of differing 

lengths. Zones must therefore increase in concentration to match the concentration of the 

leading electrolyte. The resultant output is usually observed as a series of steps in a 

conductivity trace in which the length of each band is proportional to the amount of 

analyte. Since analysts are usually happier looking at peaks, these traces are often 

differentiated in order to generate a profile with peaks so that the distance between the 

peaks can be measured. The development time is proportional to the amount of sample 

injected and to the differences in µ of the sample components. 

 

7.8 SUMMARY:  

Electrophoresis techniques are known for its high resolution capabilities as powerful 

analytical and preparative instruments. Now these techniques play a very important role 

in applied biological and molecular biology laboratory. The evolution of electrophoresis 

from conventional gel electrophoresis to High voltage capillary electrophoresis and other 

types like pulsed field gel electrophoresis, has increased the power of these technique 

both in sample size, number and speed of separation and documentation of final results. 

Much electrophoresis instrument operation can be automated and the following results of 

the operation can be steadily monitored with improved detection systems using 

fluorescence technology and other laser scanning technologies. Thus the techniques of 
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electrophoresis have become an indispensable tool in analytical and procedures of 

biomolecules.  

7.9 KEY WORDS:  

Electrophoresis, Iso-electric focussing (IEF), Pulsed field electrophoresis, High 

voltage electrophoresis, Capillary electrophoresis, Isotacophoresis. 

 

7.10 QUESTIONS FOR SELF STUDY 

1. What is isoelectric focussing? Describe how this can be performed with protein 

mixtures 

2. How Pulsed field gel electrophoresis differs with respect to conventional gel 

electrophoresis 

3. What are its advantages and limitations? 

4. What are the main components of a capillary electrophoresis system? How does 

this system differ from the equipment used in gel electrophoresis? 

5. Discuss the benefits of High voltage electrophoresis 

6. Give a generalized operation of Capillary electrophoresis? How this technique 

achieves its higher performance of separation capacity? 
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8.0 Objective: After studying this unit, you should be able to: 

 Describe the electrophoresis apparatus, process and wording principles 

 Understand electrophoresis as analytical and preparative tool in biological lab 

 Explain the working solutions and their role in the process of electrophoresis? 

 

8.1 Introduction: 

  This unit introduces the basic instruments and physical and chemical principles of the 

operation of electrophoresis apparatus. The electrophoresis apparatus consists of electrodes 

which when applied electric current creates the potential difference and act as anode and 

cathode making the migration of charged particles moving towards opposite electrodes. The 

basic make of hydrogen electrode, oxygen electrode, electrode potential are explained as 

needed to understand the process of electrophoresis. Oxidation and reduction reaction and 

under the influence of electric current how these reactions begin under the condition of 

standardized electrophoresis apparatus and working solutions of electrophoresis are given. 

Generalized principle of working of electrophoresis is given for the comprehension of the 

reader. 

8.2 Electrodes: 

Chemical reactions can produce electricity; also electricity can bring about certain 

chemical reactions. Aqueous electrolytes conduct electricity. The direction of moving 

electrons or electricity is from oxidation to reduction as oxidized means losing an electron 

and reduction means gain of an electron. Here in electrophoresis students needs to understand 

what is an anode and a cathode in an electrophoresis instrument. And when a sample is 

subjected to electrophoresis what is the direction in which one expect the fraction has to 

move. 

 An electrode is a metallic conductor in contact with an ionic conductor called an 

electrolyte, usually a solution of an acid, base or salt or a pure liquid. The two electrodes in a 

cell may be in contact with the same electrolyte as is always the case in an electrolytic or 

electrochemical cell. An electrochemical cell always consists of two electrodes, of which one 

is anodic cell and another is catholic cell. Electrochemical cells consist of two electrode: an 
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anode (the electrode at which the oxidation reaction occurs) and a cathode (the electrode at 

which the reduction reaction occurs). 

Cu(s) + Zn+2↔Cu+2+ Zn(s) 

Cu(s) ↔Cu+2+ 2e-(oxidation) 

Zn+2+ 2e-↔Zn(s) (reduction) 

There are two types of electrochemical cells: galvanic (ones that spontaneously produce 

electrical energy) and electrolytic (ones that consume electrical energy). In this Unit we 

extend those ideas to describe the electrical phenomena which result when dissimilar 

materials are placed in contact - in particular we discuss what happens when a metal 

electrode is placed in an ionic solution, but the ideas developed are equally applicable when 

solids with different properties are in contact, as in a semiconductor junction for example. 

The boundary between the dissimilar materials is like a semipermeable membrane; some of 

the ion species present can diffuse from one material to the other. The electrical conditions at 

the interface are determined by the same basic conditions that we used when discussing 

membrane potentials, namely: 

• Bulk neutrality and 

• Zero current density if the external electric circuit is not complete. 

Motion of ions through the interface is determined by these electrical conditions and 

by the possible chemical reactions which can occur at the interface. The chemical reactions 

play a role analogous to that of the permeabilities in determining the transfer of ions through 

semi permeable membranes. For example, when copper is placed in a copper sulfate solution 

the chemical reaction which takes place at the surface of the copper is 

Cu   


  Cu
2+

 + 2e- 

This chemical equation expresses the idea that a copper atom (Cu) can become a doubly 

charged copper ion (Cu2+) by giving up 2 electrons (e-), a change indicated by the right-

pointing arrow. The left-pointing arrow indicates that the reaction can go the other way: a 

copper ion can pick up two electrons to become a neutral atom. In this reaction the only ion 

which can cross the interface is Cu2+. Consequently the zero current condition corresponds 

to a zero flow of ions across the interface, just as if the interface were a semi permeable 

membrane permeable only to Cu2+ ions. Hence a charge double layer builds up to give 

Nernst equilibrium at the interface. 

  

8.3 EMF AND POTENTIAL DIFFERENCE 
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Chemical reactions between metals and electrolytes can be exploited to produce electrical 

energy from chemical energy and vice verce. The chemical reactions are responsible for 

producing charge separation at the boundaries between solid metal and a solution containing 

its ions. We can describe this energy conversion process in terms of an abstract quantity 

called EMF. As EMF can be defined as the energy per charge given to a system of charges. 

Once they are separated the charged particles create an electrostatic field and its associated 

potential difference. If you look at a static situation such as the separated charge on the (+) 

and (-) terminals of a battery, the PD, between the terminals must be equal to the EMF which 

created it: V = (That equality no longer holds if you extract energy from the battery by 

putting it in a circuit and letting current through it.) Since the quantity that is measured in 

practice is the potential difference, we shall discuss the effects of EMFs in terms of 

potentials. 

 

8.4 ELECTRODES AND ELECTROLYTES 

If you put strips of two different metals into an appropriate electrolyte solution you 

are likely to find that a potential difference appears between the two strips. The system is a 

galvanic cell, commonly known as a battery. The potential difference is produced by an EMF 

associated with the chemical reactions between both the metals and the electrolyte. The 

interface between each piece of metal and the electrolyte solution forms an electrode. 

Electrodes are always used in pairs. It is impossible to make voltage measurements or pass 

current into an electrolyte without using two electrodes. A simple example is a piece of 

copper (Cu) and a piece of zinc (Zn) both partly immersed in the same dilute solution of 

copper sulfate (CuSO4). The copper becomes about 1 volt positive with respect to the zinc. 

The potential change occurs in two steps at the electrode-electrolyte interfaces, not in the 

bulk solution. Both metals are negative relative to the electrolyte, but the potential of the zinc 

is more negative than that of the copper. So the copper is positive with respect to the zinc. 

It is impossible to measure these absolute electrode potentials directly because you 

can't make contact with the electrolyte without using another electrode. If you introduce a 

third electrode the problem is still there because you don't know its electrode potential. 

However the cell potential, which is the difference between the two electrode potentials, can 

be measured directly. 
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Metal - electrolyte electrode: The chemistry, electrode potential, and other characteristics of 

an electrode depend not only on the solid electrode material, but also on the solution in which 

it is placed. Strictly the electrode is not just the metal, but the combination of the metal and 

the solution. Thus for example, when copper is placed in a copper sulfate solution we refer to 

a copper - copper sulfate electrode.  

  

8.5 Standard Hydrogen Electrode 

Now for the problem of measuring the standard electrode potential, we have already 

seen that it can't be measured directly, because you need another electrode which has its own, 

unknown, electrode potential. The problem is solved by carefully specifying a standard 

reference electrode, so that all other electrode potentials can be referred to it. The chosen 

standard is a device called the standard hydrogen electrode. The metal electrode consists of 

platinum metal coated with platinum black (colloidal platinum), which absorbs and holds 

gaseous hydrogen. The lower part is immersed in an exactly 1 molar solution of hydrogen 

ions (H+) while the upper part is surrounded by hydrogen gas. Hydrogen gas is continually 

bubbled through the arrangement. 

 The remaining problem is how to introduce the reference electrode and make 

the electrical connections between the electrode you want to measure and the reference 

electrode. We need to connect two different electrolytes without introducing another 

electrode or any additional potential. The usual techniques all involve connecting the two 

electrolyte solutions using something that allows ion flow without mixing the two main 
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electrolytes. One method is to use a salt bridge, a thin tube filled with electrolyte; another is 

to place a porous wall between the two electrolytes.  

 

 

It is often said that the electrode potential of the hydrogen electrode is defined to be 

zero, but that is not strictly true because the potential difference between metal electrode and 

electrolyte is really unknown. It is better to say that all other electrode potentials are the 

potential difference that you get when you make them into a galvanic cell with a hydrogen 

electrode. You don't always have to use a hydrogen electrode. Once the electrode potential of 

one metal has been measured relative to the hydrogen electrode, you can use that electrode as 

a reference for other electrodes. 

 The reaction and the sign of the standard electrode potential depend on what 

happens when the electrode is made into a complete cell with a hydrogen electrode. Table 5.1 

shows some examples. Although this table shows the reactions that occur when the electrode 

is part of a cell that includes a hydrogen electrode, they can go the other way in other 

arrangements. The directions of the reactions are determined by the thermodynamics of 

energy conversion. 
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8.6 ELECTROLYSIS 

Electrolysis is the process in which electric currents from an external source supply 

the energy necessary to make a chemical reaction take place. It is just the opposite of what 

occurs in a battery, where the energy of a chemical reaction is converted into electrical 

energy. Although electrolysis occurs in charging and discharging a battery, the term 

electrolysis is usually used only when the primary interest is in the chemical products of the 

process. Consider two copper electrodes in a copper sulfate solution. The reaction caused by 

a current is simply the transfer of copper from one electrode to the other. This very simple 

system – two electrodes of the same metal in an electrolyte containing that metal's ion - 

illustrates the principles of electrolysis, and permits us to investigate further the subtleties of 

electrode processes. 

8.7 Oxygen Electrode 

Principle of operation of Clark-type oxygen electrodes  

  The Clark-type oxygen electrode consists of a probe 

at whose tip is an exposed gold or platinum cathode and a 

silver or silver/silver chloride anode. When the anode and 

cathode are polarised so that the cathode is held at a voltage 

of -0.6 to -0.8 volts relative to the anode and connected via a 

solution of electrolyte such as KCL, the following reaction 

will occur at the anode:  Simultaneously, at the cathode any 

oxygen which is present is reduced:  

O2 + 2H2O + 4e Õ 4OH
- 
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Thus for each oxygen molecule reduced, 4 electrons of current flow in the circuit. Oxygen is 

therefore continually 'consumed' as it is reduced to OH- at the cathode.  In practice, the anode 

and cathode are covered by an oxygen permeable membrane to exclude other species which 

would interfere. The KCl electrolyte is buffered to remove the OH- produced in the cathode 

reaction.  

 

8.8 Reduction and Oxidation (Redox Reactions) 

Chemical reactions that involve a change in the oxidation state of chemical species 

are called redox reactions (an abbreviation of reduction-oxidation reaction). Redox reactions 

can be identified, and the movement of electrons can be followed, by using a type of formal 

"bookkeeping" of the number of electrons associated with atoms. This accounting of 

electrons involves assigning oxidation numbers to individual atoms within a chemical 

species. 

 Redox reactions are reactions in which there are changes in oxidation numbers. Every 

redox reaction can be divided into two half-reactions: one that involves a gain of electrons 

and one that involves a loss of electrons. The gain of electrons is called reduction and the loss 

of electrons is called oxidation. Consider the following chemical reaction in which a copper 

coin is dropped into a dilute solution of silver nitrate (AgNO3). Needles of metallic silver 

crystals grow slowly from the copper surface, especially if the solution is not disturbed. The 

solution also slowly changes from colourless to a pale blue color, indicating that Cu2+ ions 

are being produced.  

 

8.9 Oxidation and reduction:  

Chemical reactions in an electrophoretic set up are necessary, because they are the 

mechanism by which an electrical current is able to pass through a liquid. In water, for 

instance, an oxidation reaction at the anode converts water into molecular oxygen and 

hydrogen ions (protons), which then migrate to the cathode and take part in a reduction 

reaction, combining with electrons to form molecular hydrogen. In this set-up, the hydrogen 

ions act as the charge carriers; if they weren't generated at the anode by an oxidation reaction 

and then reduced at the cathode by a reduction reaction you wouldn't be able to pass an 

electric current through water. 

But although these oxidation and reduction reactions do need to take place, they don't 

need to take place in the electrolyte. The reason why they do is because electrodes have 
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conventionally been made from metals such as platinum. While metal electrodes are very 

good at conducting electricity, they're not very good at taking part in oxidation or reduction 

reactions, which is why these reactions instead take place in the electrolyte.  

= 

The overall chemical equation is; 

 

Cu(s) + 2 AgNO3 (aq) → Cu (NO3)2 (aq) + 2 Ag(s) 

for which the net ionic equation is; 

Cu(s) + 2 Ag
+
 → Cu2

+
 + 2 Ag(s) 

This reaction is a redox reaction because the oxidation number of copper is changing from 0 

to +2 (Cu(s) to Cu
2+

) and that of silver is changing from +1 to 0 (Ag+ to Ag(s)). The NO3- 

ion remains unchanged during the reaction and is called a spectator ion. The reaction can be 

divided into two half-reactions: 

 

1) Reduction: 2 Ag
+
 + 2e

-
 → 2 Ag(s) 

 

2) Oxidation: Cu(s) → Cu
2+

 + 2e
-
 

The above two half reactions, which add together give the full redox reaction. As this 

reaction proceeds, the concentration of copper ions increases, and that of silver ions 

correspondingly decreases. The equilibrium constant for the reaction is: and is a very large 

number, because the forward direction (as written) is favored. The backward reaction 

Cu
2+

 + 2 Ag (s) → Cu (s) + 2 Ag
+
 

balances the forward reaction only when the silver ion concentration is very small. Then the 

reaction is at equilibrium and the free energy change ΔG = 0.  As long as the silver ion 

concentration is greater than the equilibrium value, ΔG is negative and the forward reaction is 

spontaneous. The spontaneous reaction in which the copper coin reduced Ag+ to silver 

crystals is exothermic; the energy released by the reaction is lost as heat to the solution. The 

redox reaction will eventually come to equilibrium, and no more heat will be released. 

 

 Redox reactions in which electrons are completely lost by one species and completely 

accepted by another are very useful because the two half-reactions can often be physically 

separated. The electrons that are transferred may then be allowed to flow through external 
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wires in a circuit and be made to do useful work. Electrochemistry is the study of redox 

reactions that either produce or utilize electrical energy (moving electrons and/or ions) in 

devices called electrochemical cells. 

In the redox reaction 

Cu(s) + 2 Ag
+
 → Cu

2+
 + 2 Ag(s) 

the two half-reactions can actually be separated by placing the reactants in different 

compartments, partitioned by some type of porous medium that prevents mixing, but not ion 

flow. Such a device is called a salt bridge. Each compartment, called a half-cell, contains a 

metal electrode in contact with a solution containing its corresponding metal ion. 

 An external connection between the two electrodes completes the circuit, and 

electrons will flow from the copper electrode through the external wire and meter and into the 

silver electrode. The copper electrode will dissolve, forming Cu2+ ions in solution, and Ag+ 

ions will pick up electrons at the surface of the silver electrode and be deposited as silver 

atoms. The electrode at which oxidation takes place (the copper electrode) is called the 

anode, and the electrode at which reduction takes place (the silver electrode) is called the 

cathode. The combination of the two half-cells is called an electrochemical cell. 

 

8.10 Standard Potentials 

In the electrochemical cell under discussion, it is a fact that oxidation, Cu(s) → Cu
2+

 + 2e 

occurs at the copper electrode (anode) and that reduction, 2 Ag
+
 + 2e

-
 → 2 Ag(s) occurs at 

the silver electrode (cathode). The relative tendency of a particular species to give up or 

accept electrons is manifested as a potential, which is measured in volts, between the two 

electrodes. This potential may be considered as being the sum of two potentials called half-

cell potentials or single-electrode potentials. The tendency of a species to give up or accept 

electrons can only be compared relative to another species. In order to obtain consistent 

electrochemical data, it is necessary to compare all single electrodes to a standard reference 

electrode. The universal reference electrode, chosen by international agreement, is the 

standard hydrogen electrode (SHE), which is shown in the diagram below. 

 

8.11 The half reaction at the SHE, 

2 H
+
 + 2e

-
 → H2(g) is arbitrarily written as a reduction. An arbitrary assignment of zero 

electrode potential (0.00 V) is given to the SHE. If the reverse reaction were written, its 

standard oxidation potential would also be zero. All other electrode potentials are referred to 
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the SHE. It is now customary to report single electrode potentials in tables, and it must be 

remembered that these single half-cell potentials are expressed in combination with a SHE at 

0.00 V. The single-electrode potential value is dependent on the concentration of the ion 

surrounding the electrode and on the temperature. Standard conditions of 1 M concentration 

and 298 K (25°C) have been chosen, and by international agreement all standard electrode 

potentials are reported as standard reduction potentials (E°). Some examples are given below  

 

 Al
3+

 + 3e
-
 → Al(s) E° = - 1.66 V 

 Zn
2+ 

+ 2e
-
 → Zn(s) E° = - 0.76 V 

 Fe
2+ 

+ 2e
-
 → Fe(s) E° = - 0.41 V 

 Pb
2+ 

+ 2e
-
 → Pb(s) E° = - 0.13 V 

 2 
H+

 + 2e
-
 → H2 (g) E° = 0.00 V 

 Cu
2+ 

+ 2e
-
 → Cu(s) E° = 0.34 V 

 Ag
+
 + e

-
 → Ag(s) E° = 0.80 V 

 

Principles of Electrophoresis 

 

The above diagram depicts; the principle of electrophoresis. In the course of 

electrophoresis, two electrodes are immersed in two separate buffer chambers. The two 

chambers are connected such that charged particles can migrate from one chamber to the 

other. By using a power supply, electric potential difference is generated between the two 
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electrodes. As a result, electrons flow from one of the electrodes, the anode, towards the other 

electrode, the cathode. Electrons from the cathode are taken up by water molecules of the 

buffer, resulting in a chemical reaction which generates hydrogen gas and hydroxide ions. In 

the other buffer chamber, water molecules transfer electrons to the anode an in another 

chemical reaction that generates oxygen gas and protons. (Protons are immediately taken up 

by water molecules to form hydroxonium ions.) As charged particles can migrate between the 

two chambers due to the electric potential difference, positive ions (cations) move towards 

the negatively charged cathode while negatively charged ions (anions) move towards the 

positively charged anode. 

Electrophoresis is a method used to separate charged particles from one another based 

on differences in their migration speed. In the course of electrophoresis, two electrodes 

(typically made of an inert metal, e.g. platinum) are immersed in two separate buffer 

chambers. The two chambers are not fully isolated from each other. Charged particles can 

migrate from one chamber to the other. By using an electric power supply, electric potential 

(E) is generated between the two electrodes. Due to the electric potential, electrons move by a 

wire between the two electrodes. More specifically, electrons move from the anode to the 

cathode. Hence, the anode will be positively charged, while the cathode will be negatively 

charged. As mentioned above, the two electrodes are immersed in two buffer chambers. 

Electrons driven to the cathode will leave the electrode and participate in a reduction reaction 

with water generating hydrogen gas and hydroxide ions. In the meantime, at the positive 

anode an oxidation reaction occurs. Electrons released from water molecules enter the 

electrode generating oxygen gas and free protons (which immediately form hydroxonium 

ions with water molecules). The amount of electrons leaving the cathode equals the amount 

of electrons entering the cathode. As mentioned, the two buffer chambers are interconnected 

such that charged particles can migrate between the two chambers. These particles are driven 

by the electric potential between the two electrodes. Negatively charged ions, called anions, 

move towards the positively charged anode, while positively charged ions, called cations, 

move towards the positively charged cathode. 

 Different ions migrate at different speeds dictated by their sizes and by the 

number of charges they carry. As a result, different ions can be separated from each other by 

electrophoresis. It is very important to understand the basic physics describing the 

dependence of the speed of the ion as a function of the number of charges on the ion, the size 

of the ion, the magnitude of the applied electric field and the nature of the medium in which 
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the ions migrate. By understanding these basic relationships, the principles of the many 

different specific electrophoresis methods become comprehensible.  

The mathematical description of the force during electrophoresis is simple. An 

electric force Fe is exerted on the charged particle. The magnitude of the electric force equals 

the product of the charge q of the particle and the electric field E generated between the two 

electrodes: Fe = q x E 

Dimensions of the electric field E are defined either in newton/coulomb or volt/cm 

units. During electrophoresis, the magnitude of the electric field E is defined in volt/cm units. 

It can be easily calculated using the value of the voltage (volt) set by the electric power 

supply and the distance of the two electrodes (cm). As soon as the electric field is applied and 

the charged particles are accelerated by the electric force, a drag force (Fd) called friction will 

also be immediately exerted on the particles by the medium. This force, whose direction is 

opposite to the direction of particle movement, is proportional to the velocity of the particle. 

At the typically very low speed of particle migration during electrophoresis, the force Fd is a 

linear function of the velocity (v) of the particle, as described by Equation 7.2: 

Fd = f x v 

Once the magnitude of the two opposing forces becomes equal, the resultant force 

becomes zero. Therefore, each particle will move at a constant velocity characteristic of the 

given particle at the given accelerating potential and medium. (A similar phenomenon is 

described for centrifugation. There, the accelerating force is unrelated—being proportional to 

the mass instead of the charge of the particle—but the frictional force and the phenomenon of 

two opposing forces leading to a characteristic particle velocity is analogous.) A useful 

parameter, the electrophoretic mobility (μ) of the particle, defines the velocity of the particle 

in a given medium when one unit of electric field is applied. (This parameter is analogous to 

the Svedberg units defined for centrifugation). Electrophoretic mobility is a linear function of 

the charge of the particle and it is a reciprocal function of the frictional coefficient (which 

depends on both the size of the particle and the nature of the medium): 

Particles having different electrophoretic mobility, i.e. those that migrate at different 

speeds in the same medium and electric field, can be separated by electrophoresis. In 

biochemical and molecular biological studies, the most typical charged molecules that are 

analysed and separated by electrophoresis are proteins and nucleic acids. Electrophoresis is 

always performed by using a special medium, most often a gel. The corresponding methods 

are therefore denoted as gel electrophoresis. 
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8.12 Summary: 

 We have discussed about electrodes that are very frequently used in a basic biology lab such 

as hydrogen and oxygen electrodes. The concepts of EMF, potential difference are introduced 

so that we can understand the actual process that takes place during various types of 

electrophoresis. The concepts of electrodes, electrolyte and electrolysis are very basic to 

appreciate the clarity, magnitude and applications of various electrophoresis techniques 

particularly that are carried out high voltage and temperature such as capillary and high 

voltage electrophoresis. 

 

8.13 Questions for self study 

1.  Describe what are electrodes? 

2.  Explain electrolytes and Electrolysis  

3.  With the help of a diagram describe Standard Hydrogen Electrode 

4.  What is an Oxygen Electrode? 

5.  What are Redox Reactions?  

 

8.14 References for further reading 
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9.0 OBJECTIVES: After studying this unit, you should be able to, 

 Understand the basics of ultracentrifugation 

 Distinguish different types of ultracentrifugation techniques 

 Explain the applications of ultracentrifugation in biochemistry 

 

9.1 INTRODUCTION:  

 Centrifugation is a process used to separate particles or concentrate materials 

suspended in a liquid medium. In biology, the particles are usually cells, subcellular 

organelles, viruses, large molecules such as proteins and nucleic acids. The theoretical basis 

of this technique is the effect of gravity on particles (including macromolecules) in 

suspension. Two particles of different masses will settle in a tube at different rates in 

response to gravity. Centrifugal force (measured as gravity) is used to increase this settling 

rate in the centrifuge. The two common types of centrifugation are analytical and preparative; 

the distinction between the two is based on the purpose of centrifugation. 

There are four basic types of centrifuges that you are likely to encounter in the laboratory:  

1. Clinical centrifuges - inexpensive tabletop centrifuges that can run at a speed of up to 

3000 rpm. These can pellet cells, but not organelles or biomolecules.  

2. Microfuge - these can typically run at a speed of up to 14,000 rpm, sufficient speed to 

pellet nucleic acids and denatured proteins. Microfuges are specially adapted for small 

volumes of sample.  

3. High speed centrifuges - can run at speeds up to 25,000 rpm, sufficient to pellet cell 

nuclei and most biomolecules. These are often refrigerated.  

4. Ultracentrifuges - The ultracentrifuge is capable of reaching even greater velocities and 

requires a vacuum to reduce friction and heating of the rotor. It can run at speeds up to 

80,000 rpm, sufficient to allow fractionation of biomolecules. Ultracentrifuges are usually 

refrigerated and are very expensive and delicate pieces of machinery. 

In this Unit, we will study the principles, instrumentation, applications and other details 

about ultracentrifugation. 

 

9.2 ULTRACENTRIFUGATION: 
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 The ultracentrifuge was developed by Swedish biochemist Theodore Svedberg in 

1923. It is a centrifuge (Ultracentrifuge) in which we can attain rotational speed as high as 

80,000 rpm so as to generate centrifugal field in excess of 600,000g. Using this 

instrument, Svedberg first demonstrates that proteins are macromolecules with 

homogeneous compositions and that many proteins are composed of subunits. More 

recentrly, ultracentrifuges has become an indispensable tool for the isolation of proteins, 

nucleic acids and subcellular particles.  

Basically there are two types of ultracentrifugation, namely analytical ultracentrifuge and 

preparative ultracentrifuge. In analytical ultracentrifuge, a sample being spun can be 

monitored in real time through an optical detection system, whereas a sample is spun and 

can be analyzed after the run, in preparative ultracentrifuges. 

9.3 ANALYTICAL ULTRACENTRIFUGE (AUC):  

For more than 70 years, Analytical Ultracentrifugation (AUC) has been contributing 

valuable services in the fields of biochemical and colloidal sciences. The widespread 

applications of AUC in chemistry, biochemistry and pharmaceutical science involve, 

among others -determination of molar masses, molar mass distributions, particle size 

distributions and particle density distributions. Particles, coils, micelles, molecules - any 

dispersed or solute particles can be subjected to analysis in the AUC, as long as they 

sediment or float in the sedimentation field. 

Principle: The AUC fractionates by size, density and shape. The principle of 

measurement is an everyday experience: such as a large object sinking to the bottom of a 

liquid faster than a small one, a steel object faster than one of aluminium, a compact 

sphere faster than a rod or a coil of the same mass. It is a versatile instrument, arbitrary 

solvents, even aggressive or highly viscous chemicals can be applied. Little amounts of 

substance and solvent are required. 

Instrumentation: An analytical ultracentrifuge must spin a rotor at an accurately 

controlled speed and at an accurately controlled temperature, and must allow the 

recording of the concentration distribution of the sample at known times. The parts of 

instrument are describes briefly. 

Rotor: Rotors for analytical ultracentrifugation must be capable of withstanding 

enormous gravitational stresses. At 60,000 rpm, a typical ultracentrifuge rotor generates a 
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centrifugal field in the cell of about 250,000 × g. Under these conditions, a mass of 1 g 

experiences an apparent weight of 250 kg. The rotor must also allow the passage of light 

through the spinning sample, and some mechanism must be available for temperature 

measurement. There are different types of rotors are available. 

The vertical tube rotor is often used for isopycnic and rate zonal separation, when short 

run times are required. Because the sample tubes are held parallel to the axis of rotation, 

particle path lengths are short, being limited to the diameter of the tube, which results in a 

reduction of the run time. 

The fixed-angle rotors are generally used for fractionating material on a preparative scale 

by differential pelleting, with the tube size of such rotors ranging from 0.2 to 500 mL. 

They also provide faster run times than swing-out rotors. Fixed-angle rotors have tubes 

that remain in one position, at an angle varying from 14
o
 to 40

o
 from the vertical, with a 

narrow angle favoring faster pelleting while a more compact pellet is obtained with a 

wide angle. 

Swing-out rotors or swinging-bucket rotors have hanging buckets that swing 90
o
 upwards 

and are held in that horizontal position while spinning. Because of this position, particles 

can sediment along the full length of the tube, which is advantageous for rate zonal 

centrifugation with maximum separation between zones. Although run times in swing-out 

rotors are longer than with other rotor types, they are compensated by the excellent 

resolution of sample bands. 

 

 

 

 

 

 

  

Fig. 9.1 Different types of Rotors 
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Zonal rotors are designed to fractionate large amounts of material by means of rate-zonal 

or isopycnic density gradient centrifugation. This is best evident in continuous flow zonal 

rotors, which can process up to ten liters of liquid in relatively short times. 

Cells: Ultracentrifuge cells must also withstand the stresses caused by the extremely high 

gravitational fields must not leak or distort, and yet must allow the passage of light 

through the sample so that the concentration distribution can be measured. To achieve 

these ends, the sample is usually contained within a sector-shaped cavity sandwiched 

between two thick windows of optical-grade quartz or sapphire. The cavity is produced in 

a centerpiece of aluminium alloy, reinforced epoxy, or a polymer. 

Sector-shaped sample compartments are essential in velocity work since the sedimenting 

particles move along radial lines. If the sample compartments were parallel-sided, 

sedimenting molecules at the periphery would collide with the walls and cause convective 

disturbances. Sectors that diverge more widely than the radii also cause convection. The 

development of appropriate sector-shaped sample compartments with smooth walls was a 

major factor in Svedberg’s successful design of the original velocity instrument. 

Double-sector cells allow the user to take account of absorbing components in the 

solvent, and to correct for the redistribution of solvent components, particularly at high g 

values. The optical system measures the difference in absorbance between the sample and 

reference sectors in a manner similar to the operation of a double-beam 

spectrophotometer. Double-sector cells also facilitate measurements of differences in 

sedimentation coefficient, and of diffusion coefficients. The other range of special cells 

can also be equipped such as boundary forming cells and band forming cells. 

9.4 PREPARATIVE ULTRACENTRIFUGATION: 

 Preparative ultracentrifugation, as the name implies, are designed for sample preparation, 

differ from AUC in that they lack sample observation facilities. Preparative rotors contain 

cylindrical sample tubes whose axis may be parallel or at an angle or perpendicular to the 

axis of rotation depends on the particular application. Ultracentrifugation can be carried 

out to obtain certain biological material in isolation from the components that it 

associated with  

(e.g. isolating a cell type away from all other cell type, obtain a sub-cellular organelle 

without any contamination from other organelles or fraction of a macromolecule). 
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9.5 OPTICAL SYSTEM:  

The sample solution usually has a greater refractive index than the pure solvent, and use is 

made of this principle in two different optical systems. 

Schlieren optical system: In a optical system called, schlieren optical system (named for the 

German word for “streaks”), light passing through a region in the cell where concentration 

(and hence refractive index) is changing will be deviated radially, as light passing through a 

prism is deviated towards the direction normal to the surface. The schlieren optical system 

converts the radial deviation of light into a vertical displacement of an image at the camera. 

This displacement is proportional to the concentration gradient. Light passing through either 

pure solvent or a region of uniform concentration will not be deviated radially, and the image 

will not be vertically displaced in those regions. Much of the existing literature on 

 

Fig. 9.2 Schematic presentation of analytical ultracentrifuge. 
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sedimentation, particularly sedimentation velocity, has been obtained with the use of this 

optical system. 

Raleigh interference: The other system, called Raleigh interference, the velocity of light 

passing through a region of higher refractive index is decreased. Monochromatic light passes 

through two fine parallel slits, one below each sector of a double-sector cell containing, 

respectively, a sample of solution and a sample of solvent in dialysis equilibrium. Light 

waves emerging from the entrance slits and passing through the two sectors undergo 

interference to yield a band of alternating light and dark fringes. 

In principle, the information content from a schlieren record and from an interference record 

are the same: the interference information can be obtained from the schlieren data by 

numerical integration, and the schlieren information may be obtained from interference data 

by numerical differentiation. Schlieren optics are less sensitive than interference optics. 

Schlieren optics may be used for proteins at concentrations between 1 and 50 g/L. 

Interference optics have outstanding accuracy, but are restricted to the concentration range 

0.1-5 g/L. 

Both refractometric methods suffer from the fact that they determine concentration difference 

relative to the concentration at a reference point. However, they do have the advantage of 

being applicable to materials with little optical absorbance. Additionally, these methods are 

not compromised by the presence of low concentrations of components of the solvent that 

may have relatively high absorbance, such as might arise from the need to add a nucleotide 

such as ATP (with significant absorbance at 260 and 280 nm) to maintain stability of an 

enzyme. 

9.6 PREPARATION OF SAMPLE FOR ULTRACENTRIFUGATION: 

When the sample is a pure, dry, nonionic material, it may be weighed, dissolved in an 

appropriate solvent and used directly. A sample of the solvent should be used for the 

reference sector. This simple procedure also applies to charged species, such as proteins, that 

can be obtained in a pure, isoionic form. 

However, with ionic species, such as protein molecules at pH values away from the isoionic 

point, difficulties arise from the charge and from the presence of bound ions. In order to 

maintain a constant pH, a buffer is normally used at concentrations between 10 and 50 mM. 
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In addition, in order to suppress the non-ideality due to the charge on the macromolecule, a 

supporting electrolyte is often added, usually 0.1 to 0.2 M KCl or NaCl. 

The presence of the extra salts makes the solution no longer a simple two component system, 

for which most theoretical relationships have been derived, and taking the additional 

components into account can be a daunting task. If the macromolecular solution is dialyzed 

against a large excess of the buffer/salt solution, it may be treated as a simple two-component 

solution. 

A sample of the dialyzate is required as a reference. If the apparent specific volume is 

determined for the solute in this solution and is referred to the concentration of the 

anhydrous, isoionic solute, then the molecular weight that is determined for the 

macromolecule in this solution is for the anhydrous, isoionic solute. This treatment results in 

a considerable simplification. 

 

 

 

 

 

 

 

 

 

 

 

In choosing a buffer, preference should be given to those whose densities are near that of 

water, and for which the anions and cations are of comparable molecular weight, in order to 

avoid excessive redistribution of buffer components. Additionally, if measurement in the 

ultraviolet is contemplated, nonabsorbing buffers should be selected. Below 230 nm, 

 

Analytical ultracentrifuge Preparative ultracentrifuge 

 Uses small sample size (less 

than 1 ml) 

 Built in optical system to 

analyze progress of 

 molecules during centrifugation 

 Uses relatively pure sample 

 Used to precisely determine 

sedimentation coefficient and 

MW of molecules 

 Larger sample size can be used 

 No optical read-out – collect 

fractions and analyze them after 

the run 

 Less pure sample can be used 

 Can be used to estimate 

sedimentation coefficient and 

MW 

 Generally used to separate 

organelles and molecules 

 

 

Table 9.1 The major differences between analytical and preparative 

ultracentrifugation is outlined below 
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carboxylate groups and chloride ions show appreciable absorbance. In the far ultraviolet, 

sodium fluoride may be required as a supporting electrolyte to avoid excessive optical 

absorbance. 

9.7 SUMMARY:  

In ultracentrifugation, molecules are separated by subjecting them to gravitational field large 

enough to counteract diffusional forces. Molecules may be separated and their molecular 

masses estimated from their rate of sedimentation through a solvent or a performed gradient 

of an inert low molecular mass material such as sucrose. Alternatively molecules may be 

separated according to their buoyant densities in a solution with a density gradient of a dense 

fast diffusing substance such as CsCl. In this Unit we have studied the complete 

instrumentation of ultracentrifuge, types of ultracentrifuge etc. we have studied in detail 

about AUC which is used in determining sedimentation velocity and sedimentation 

equilibrium, various applications of preparative ultracentrifuge is also discussed. 

9.8 KEY WORDS:  

Centrifugation:  a process used to separate particles or concentrate materials suspended in a 

liquid medium by using centrifugal force. 

Sedimentation: process is governed by the gravitational force, the buoyancy, and the 

translational friction. 

9.9 QUESTIONS FOR SELF STUDY: 

1. How do you determine the molecular weight of a given protein by using ultracentrifuge? 

2. We have a complete blood sample. How do you separate WBC, platelets from it by using 

ultracentrifugation? 

3. Derive the equation for sedimentation velocity and sedimentation equilibrium?  

4. Discuss the fractionation of intracellular organelles by using ultracentrifuge? 

9.10 REFERENCES FOR FURTHER READING 

1. Biophysical chemistry, Upadhyaya, A., Upadhyaya, K. and Nath, N. Himalayan 

Publishing House. 
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10.0 OBJECTIVES: After studying this unit, you should be able to:  

 Describe Sedimentation coefficient and Svedberg’s constant 

 Explain Molecular weight determination by ultracentrifugation 

 Explain the preparation of density gradients for ultracentrifugation 

 

10.1 INTRODUCTION: 

  X-ray diffraction and NMR techniques are currently the only techniques available 

that are capable of providing structural details at atomic resolution. Nevertheless, the overall 

size and shape of a macromolecule or complex in solution can be obtained through 

measurement of the rate of movement of the particles through the solution. Sedimentation 

velocity experiments in the analytical ultracentrifuge provide sedimentation and diffusion 

coefficients that contain information concerning the size and shape of macromolecules and 

the interactions between them. Sedimentation coefficients are particularly useful for 

monitoring changes in conformation in proteins and in nucleic acids. Bending in nucleic acids 

induced by protein binding may also be amenable to study by difference sedimentation.  

This unit is dedicated towards understanding the process of sedimentation, sedimentation 

coefficient inorder to determine the properties of macromolecules using ultracentrifugation 

and density gradients for ultracentrifugation techniques. 

 

10.2 SVEDBERG’S CONSTANT:  

In centrifugation, the sedimentation process is governed by the gravitational force, the 

buoyancy, and the translational friction. The gravitational force is Fsed = mω
2
r (with m the 

protein mass, ω the rotor angular velocity, and r the distance from the center of rotation), and 

proportional to the square of the rotor speed. As a consequence, adjusting the rotor speed 

permits the study of a wide range of particle sizes, ranging from small peptides to very large 

protein complexes (1 kDa to 1 GDa). 

Following Archimedes principle, the buoyancy force Fb = -mvr ω
2
r (with v the protein 

partial specific volume and r the solvent density) opposes the sedimentation and is governed 

by the mass of the displaced solvent ( -mvr ). Thus, protein partial-specific volumes are 

important, and the density effects of protein glycosylation, bound detergent, and preferential 

hydration may be relevant considerations.  

Finally, the frictional force is dependent on the translational frictional coefficient, f, as well as 

the sedimentation velocity Ff = s(kT/D) ω
2
 (with the Boltzmann constant k, the absolute 
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temperature T, and the diffusion coefficient D), where the sedimentation coefficient s = v/ ω
2
 

is a molecular constant (with v the absolute migration velocity). The translational frictional 

properties of molecules are frequently expressed as the ratio of the frictional coefficient to 

that of a smooth sphere with the protein mass and density, f/f0. This can permit the 

measurement of the low resolution, shape of the proteins and their complexes in terms of 

Stokes radii. The sedimentation coefficient, s, is commonly measured in units of Svedberg, 

abbreviated S (a capital S for the unit, lower case s for the parameter), with 1 S = 10
-13

 sec. 

A svedberg unit (symbol S, sometimes Sv) is a non-SI unit for sedimentation rate. The 

sedimentation rate for a particle of a given size and shape measures how fast the particle 

settles, or sediments. It is often used to reflect the rate at which a molecule travels to the 

bottom of a test tube under the centrifugal force of a centrifuge.  

Swedish biochemist Theodore Svedberg in 1923, initiated the mathematics and advanced the 

instrumentation to a point where it was possible to prove that proteins were large molecules 

that could be weighed in a centrifuge. In honor of that work, the value for a molecule's (or 

organelle's) sedimentation velocity in a centrifugal field is known as its Svedberg constant, 

abbreviated S (a capital S for the unit, lower case s for the parameter), with 1 S = 10
-13

 sec. 

Derivation of Svedberg’s equation: 

Consider particle (m) is acted on by three forces: FC (the centrifugal force), FB (the buoyant 

force) and Ff (the frictional force between the particle and the liquid). The force on the 

particle is given by the mass times the acceleration: 

 

Where, m is the mass of the particle and a is the acceleration. If the particle is moving at a 

constant velocity (v), then the acceleration is zero and the net force is given by: 

 

Each of these forces can be described as follows: 
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Substituting these in the equation for the net force, we get: 

 

Now the mass of the displaced solvent can be written in terms of the density of the solvent 

and the partial specific volume of the particle: 

 

Substituting this in our developing equation, we get: 

 

This equation can be rearranged to give: 

 

Now we collect motion and distance terms on the left and particle and solution terms on the 

right: 
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If we multiply the top and bottom of the equation by Avagadro's number we get: 

 

This is the Svedberg equation and is used to describe the motion of the particle in terms of 

molecular weight (a size term) and frictional coefficient (a shape term). 

10.3 MOLECULAR WEIGHT DETERMINATION BY SEDIMENTATION 

VELOCITY AND SEDIMENTATION EQUILIBRIUM: 

There are two basic type of experiments can be carried out using analytical 

ultracentrifuge, sedimentation velocity and sedimentation equilibrium. 

In sedimentation velocity experiment, an initially uniform solution is placed in the cell and a 

sufficiently high angular velocity is used to cause relatively rapid sedimentation of solute 

towards the cell bottom. This produces a depletion of solute near the meniscus and the 

formation of a sharp boundary between the depleted region and the uniform concentration of 

sedimenting solute. Although the velocity of individual particles cannot be resolved, the rate 

of movement of this boundary can be measured. This leads to the determination of the 

sedimentation coefficient, s, which depends directly on the mass of the particles and inversely 

on the frictional coefficient, which is in turn a measure of effective size by using formula 

 

Measurement of the rate of spreading of a boundary can lead to a determination of the 

diffusion coefficient, D, which depends on the effective size of the particles: 

 

where R is the gas constant and T the absolute temperature. The ratio of the sedimentation to 

diffusion coefficient gives the molecular weight: 
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Where, M is the molar weight of the solute, v its partial specific volume, and ρ is the solvent 

density. The superscript zero indicates that the values of s and D, measured at several 

different concentrations. 

In sedimentation equilibrium experiments, a small volume of an initially uniform solution is 

centrifuged at a somewhat lower angular velocity than is required for a sedimentation 

velocity experiment. As solute begins to sediment towards the cell bottom and the 

concentration at the bottom increases, the process of diffusion opposes the process of 

sedimentation. After an appropriate period of time, the two opposing processes approach 

equilibrium, and the concentration of the solute increases exponentially towards the cell 

bottom. At equilibrium the resultant solute distribution is invariant with time. Measurement 

of the concentration at different points leads to the determination of the molar weight of the 

sedimenting solute (numerically equal to the molecular weight). The sedimentation 

equilibrium experiment is still the best way for determining the molecular weights of 

macromolecules. It is applicable to a wide range of molecular sizes, from sucrose to viruses. 

For low molecular weight solutes, high angular velocities are required; the lower limit of 

molecular weight measurable depends on the maximum speed capable with the rotor or 

centrifuge. The upper limit of molecular weight depends on the stability of the rotor at low 

speeds, and the width of the meniscus. The most rigorous approach to analysis of 

sedimentation equilibrium is through the application of thermodynamics. 

10.4 PRINCIPLES OF DENSITY GRADIENT CENTRIFUGATION:  

When a suspension of particles is centrifuged, the sedimentation rate of the particles is 

proportional to the force applied. The physical properties of the solution will also affect the 

sedimentation rate. At a fixed centrifugal force and liquid viscosity, the sedimentation rate is 

proportional to the size of the particle and the difference between its density and the density 

of the surrounding medium. The equation for the sedimentation of a sphere in a centrifugal 

field is: 
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Where, v = sedimentation rate, d = diameter of the particle (hydrodynamically 

equivalent sphere), ρp = particle density, ρl = liquid density, η = viscosity of the medium, g = 

centrifugal force 

From this equation, the following relationships can be observed: 

• The sedimentation rate of a particle is proportional to its size. 

• The sedimentation rate is proportional to the difference between the density of the particle 

and that of the surrounding medium. 

• The sedimentation rate is zero when the density of the particle is equal to the density of the 

surrounding medium. 

• The sedimentation rate decreases as the viscosity of the medium increases. 

• The sedimentation rate increases as the centrifugal force increases. 

Density gradient centrifugation has two variations, rate-zonal centrifugation and isopycnic 

centrifugation. 

In isopycnic centrifugation, the density range of the gradient medium encompasses all 

densities of the sample particles. Each particle will sediment to an equilibrium position in the 

gradient where the gradient density is equal to the density of the particle (isopycnic position). 

Thus, in this type of separation, the particles are separated solely on the basis of differences 

in density, irrespective of size. Whereas, in rate-zonal centrifugation, the size difference 

between particles affects the separation along with the density of the particles. As can be seen 

from the above equation, large particles move faster through the gradient than small particles, 

and the density range is chosen so that the density of the particles is greater than the density 

of the medium at all points during the separation. The run is terminated before the separated 

zones reach the bottom of the tube (or their equilibrium positions). 

 

10.5 PREPARATION OF DENSITY GRADIENTS: 

 For the purpose of separation of molecules or sub-cellular fractions, on can use 

density gradient centrifugation, which needs to prepare the density gradients. There are two 

types of gradients, discontinuous or step density gradient and continuous density gradient. 

Discontinuous density gradient where the density increases abruptly from one layer to 

another may be prepared very easily by carefully layering solutions of continuously 

decreasing densities over each other with the highest density solution being placed at the 

bottom of the centrifuge tube. The sample is then layered at the top layer and the tube is spun 
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under the appropriate experimental conditions. Discontinuous gradients are especially useful 

for the separation of whole cells or sub-cellular organelles from tissue homogenates they are 

also found useful for separation of lipoproteins. 

Continuous gradients where the density decreases linearly from the bottom of the centrifuge 

tube to the meniscus may simply be prepared by allowing the discontinuous gradients to 

stand for a long time. The discontinuous layers slowly merge through diffusion to give rise to 

a linear continuous gradient. However, this method takes very long time if viscous solutions 

are used in formation of gradients since diffusivity decreases with increasing viscosity. 

Alternatively, one can use a special devise may be used to prepare density gradients of 

continuous nature. The devise has two chambers. The chamber which drips into the 

centrifuge tube contains vey 

dense solution. This chamber is 

connected to another chamber 

which contains less dense 

solution. The first chamber has 

stirring devise, when tap of first 

chamber is opened, the dense 

solution drips into the 

centrifuge tube. The level of 

first chamber is decreased and is compensated by the flow of less dense solution from second 

chamber. The solution is stirred, so the solution in first chamber is less dense compare to 

solution which drips into the centrifuge tube. This will continue for several times. Thus the 

solution drips into the centrifuge tube is of continuously decreasing density. In this way linear 

 Fig 10.1 Continuous gradient centrifugation 

 
Fig 10.2 Discontinuous gradient centrifugation 
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density gradient may be formed. Continuous gradients are useful in separation of proteins, 

ribosomes and certain viruses. 

 

 

 

 

 

 

 

 

 

 

 

10.6 MAKING AND DILUTING A STOCK SOLUTION OF PERCOLL 

In order to use Percoll to prepare a gradient, the osmolality of Percoll (undiluted) must first 

be adjusted with saline or cell culture medium to make Percoll isotonic with physiological 

salt solutions. Adding 9 parts (v/v) of Percoll to 1 part (v/v) of 1.5 M NaCl or 10x 

concentrated cell culture medium is a simple way of preparing a Stock Isotonic Percoll (SIP) 

solution. Final adjustment to the required osmolality can be carried out by adding salts or 

distilled water. Cell density depends on osmolality; because of this, the osmolality of the 

stock solution should be checked routinely with an osmometer to ensure reproducibility 

between experiments. For subcellular particles which aggregate in the presence of salts, the 

Stock Isotonic Percoll (SIP) can be made by adding 9 parts (v/v) of Percoll to 1 part (v/v) of 

2.5 M sucrose. The density can be calculated according to standard formulae.  

Solutions of stock isotonic Percoll (SIP) are diluted to lower densities simply by adding 0.15 

M NaCl (or normal strength cell culture medium) for cell work, or with 0.25 M sucrose when 

working with subcellular particles or viruses. Percoll (undiluted) may de diluted directly to 

 

Fig 10.3 Discontinuous gradient centrifugation 
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make a final working solution of known density by the following procedure. In a measuring 

cylinder, add 1.5 M NaCl or 2.5 M sucrose to 1/10 of the final desired volume (e.g. 10 ml for 

100 ml of working solution). To this, add the required volume of Percoll (undiluted), 

calculated using the formula shown below. Make up to the final volume with distilled water. 

To make isotonic Percoll for most mammalian cells, it is common to dilute 9 parts of Percoll 

(undiluted) with 1 part of 1.5 M NaCl or 2.5 M sucrose solution. This Stock Isotonic Percoll 

(SIP) is then further diluted with physiological buffers according to needs. However, while 

this procedure has proved successful, it is rather simplistic and does not take into account the 

effect of having solid silica particles present (i.e. that 100 ml of Percoll stock contains a 

certain volume of solid silica, making the total aqueous volume less than 100 ml). Due to the 

volume occupied by silica, the electrolytes in the stock solution have a higher effective 

concentration than in physiological salt solution, and SIP made in this way will be 

hyperosmolal. Thus, determining the actual osmolality of the SIP has always been 

recommended. 

10.7 SUCROSE DENSITY GRADIENT:  

Sucrose density gradient is prepared by layering successive decreasing sucrose 

densities solutions upon one another. The preparation and centrifugation of a discontinuous 

gradient containing sucrose solutions from 15-35 % is described below in detail. This 

gradient gives good separation of the mitochondrial complexes (masses ranging from 200 

kDa to 1000 kDa). However this setup can be modified for the separation of a particular 

complex or for the separation of larger amounts of material. 

15-35 % sucrose density gradient:  Sucrose with desired densities will be prepared using 

standard procedure. The gradient is prepared by layering progressively less dense sucrose 

solutions upon one another; therefore the first solution applied is the 35 % sucrose solution. A 

steady application of the solutions yields the most reproducible gradient. Firstly a Beckman 

polyallomer tube is held upright in a tube stand. Next a yellow (200 μl) pipettor tip is placed 

on the end of a blue (1000 μl) pipettor tip. Both snugly fitting tips are held steady by a clamp 

stand and the end of the yellow tip is allowed to make contact with the inside wall of the tube 

as shown below. Now sucrose solutions can be placed inside the blue tip and gravity will feed 

the solutions into the tube slowly and steadily, starting with the 35 % solution. Note that, if 

the solutions fail to feed down through the tips and into the tube a small amount of positive 

air pressure can be applied to the blue tip to start the flow. This is done by gently tapping on 
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the wide end of the blue tip. Once the 35 % solution has drained into the tube, the 30 % 

solution can be loaded into the blue tip which will then flow down the inside of the tube and 

layer on top of the 35 % solution. This procedure is continued with the 27.5 %, 25 %, 20 % 

and 15 % respectively. 

10.8 PREPARATION OF CESIUM CHLORIDE (CSCL2) GRADIENT: 

For the CsCl2 gradient, prepare a stock solution of CsCl2 with a specific gravity of 891.15 

(1.15-CsCl2) by adding 21.75 g of CsCl2 with 103.25 ml of Buffer. From the stock solution, 

Prepare a discontinuous CsCl2 gradient in a 50 ml polycarbonate Oak Ridge tube by carefully 

underlaying each layer using a syringe with a blunt ended, autoclavable, steel needle, and a 2 

way stop cock.  Phenol red is added to Solution to easily distinguish between the gradient 

layers. 

10.9 SUMMERY: 

 In ultracentrifugation, the basic principle is sedimentation of molecules by 

gravitational pull which is enhanced by the rotational force. Svedberg deduced this 

mathematically and applied. The biological molecules (in specific) may be separated 

according to their buoyant densities in a solution with a density gradient of a dense fast 

diffusing substance such as CsCl2, sucrose or percoll. This Unit deals with the usefulness of 

svedberg’s constant in detail. Determination of molecular weight by sedimentation velocity 

and sedimentation equilibrium was studied. The density gradient centrifugation which 

includes preparation of density gradient of different substances is also dealt in detail in this 

Unit. 

10.10 KEY WORDS: 

Svedberg constant: A unit used in centrifugation, defined as velocity per unit force and 

expressed as 10
-13

s.  

Zonal ultracentrifuge: Type of ultracentrifuge where one can use a continuous density 

gradient of solvent such as sucrose. 

Isopycnic ultracentrifugation: An ultracentrifuge, where, Mix gradient material such as 

cesium chloride (CsCl2) with sample molecules. 

10.11 QUESTIONS FOR SELF STUDY: 



Unit-10: Svedberg’s constant & applications of sedimentation techniques 

KSOU, Mysore. M.Sc., BC 1.2; Block-3: Unit-10 Page 161 

 

1. Among sedimentation velocity and sedimentation equilibrium, which is the most widely 

used technique for molecular weight determination, explain how and why? 

2. How do you separate DNA and RNA using CsCl2 density gradient centrifugation? 

3. Search and learn the mathematical derivation for the formulas used in density gradient 

centrifugations and practice calculations? 
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11.0 OBJECTIVES: After studying this unit you should be able to,  

 Describe different cell disruption and cell fractionation techniques 

 Explain the isolation of cellular organelles by centrifugation 

 Understand different centrifugation methods for separating cellular organelles 

11.1 INTRODUCTION: 

 We are able to increase our chemical knowledge of organelle function by isolating 

organelles into reasonably pure fractions. A host of fractionation procedures are employed by 

cell biologists. Each organelle has characteristics (size, shape and density) which make it 

different from other organelles within the same cell. If the cell is broken open in a gentle 

manner, each of its organelles can be subsequently isolated. The process of breaking open 

cells is homogenization and the subsequent isolation of organelles is fractionation. Isolating 

the organelles requires the use of physical chemistry techniques, and those techniques can 

range from the use of simple sieves, gravity sedimentation or differential precipitation, to 

ultracentrifugation of fluorescent labelled organelles in computer generated density gradients. 

Differential centrifugation is a common procedure in microbiology and cytology used to 

separate certain organelles from whole cells for further analysis of specific parts of cells. In 

the process, a tissue sample is first homogenised to break the cell membranes and mix up the 

cell contents. The homogenate is then subjected to repeated centrifugations, each time 

removing the pellet and increasing the centrifugal force. Finally, purification may be done 

through equilibrium sedimentation, and the desired layer is extracted for further analysis. 

Separation is based on size and density, with larger and denser particles pelleting at lower 

centrifugal forces. As an example, unbroken whole cells will pellet at low speeds and short 

intervals such as 1,000g for 5 minutes. Smaller cell fragments and organelles remain in the 

supernatant and require more force and greater times to pellet.  

In this unit we will learn about cell fraction techniques that help in isolation of sub-cellular 

organelles such as differential and density gradient centrifugation. 

 

11.2 CELL FRACTION TECHNIQUES:  

Cell fractionation has enjoyed widespread use among cell biologists for half a 

century. It continues to be a fruitful, if not essential, approach in the reductionistic efforts to 

define the composition and functions of the multiple compartments in eukaryotic cells. It also 
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provides the essential ingredients for the increasing number of cell-free assays now being 

used in test-tube reconstructions of complex cellular events involving inter-compartmental 

interactions. Much of the knowledge regarding the composition and function of cell 

organelles has resulted from fractionation of mammalian tissues, where cells are both 

abundant and highly differentiated (and thus organelle-rich). Organelles are membrane-bound 

sub-cellular structures which compartmentalize specific functions within a eukaryotic cell, 

such as oxidative phosphorylation in mitochondria and photosynthesis in chloroplasts. Most 

of what we know about organelle function has come from the study of intact organelles 

which have been isolated from cells. The separation of organelles from the soluble 

cytoplasmic components (such as cytoplasmic enzymes and ribosomes) and insoluble cell 

debris (such as cell walls) is called cell fractionation. The first step in cell fractionation is to 

break open the cell without causing damage to the organelles. 

Homogenization techniques can be divided into those brought about by osmotic alteration of 

the media which cells are found in, or those which require physical force to disrupt cell 

structure. The physical means encompass use of mortars and pestles, blenders, compression 

and/or expansion, or ultrasonification. These are, 

Osmotic alterations  

Many organelles are easier to separate if the cells are slightly swollen. The inhibition of water 

into a cell will cause osmotic swelling of the cell and/or organelle, which can often assist in 

the rupture of the cell and subsequent organelle separation. The use of a hypo-osmotic buffer 

can be very beneficial, for example, in the isolation of mitochondria and in the isolation of 

mitotic chromosomes.  

Mortars, Pestles  

Perhaps the most common procedures use Ten Broeck or Dounce homogenizers, both of 

which are glass mortar and pestle arrangements with manufactured, controlled bore sizes. The 

addition of a motor driven teflon pestle creates the Potter-Elvijem homogenizer. 

Ultrasonification is a useful adjunct to this procedure, but is often sufficient by itself.  

To obtain pure organelles, the cells must be ruptured, so that the cell membrane is broken, but 

the organelle to be studied is not. The process of rupturing a cell is known as homogenization 

of the cell. It also varies from simple mortar/pestle grinding (with the aid of sand or glass 

beads) for many plant materials, to repeated high velocity compression and expansion in what 
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is known as a "French Press." The French Press is very powerful and can disrupt bacterial 

and viral particles as well. It is favored for use when molecular dissociation is required, such 

as in the separation of DNA from the nematode worm C. elegans. Often, cell rupture is aided 

by rapid freezing (in liquid nitrogen) and subsequent application of mechanical forces.  

With all forms of homogenization, the sheer force must be carefully controlled. Too little and 

the organelles will not be separated, too much and even the molecules can be broken.  

Blenders  

For molecular separations, mechanical blenders are often used, varying in sophistication from 

household blenders to high speed blenders with specially designed blades and chambers (e.g. 

a Virtis Tissue Homogenizer). The mechanical procedures are augmented by various organic 

solvents (for phase separations) and/or detergents to assist the denaturation and separation of 

molecules (e.g. DNA from histones). When specific molecules are sought, care must be taken 

to inhibit powerful degradation enzymes (such as RNase when extracting RNA). This can be 

accomplished by subjecting the specimen to cold temperature, or by adding specific organic 

inhibitors (Diethylpyrocarbonate for RNase), or both.  

Compression/Expansion  

For cellular material which is difficult to shear by the above mentioned techniques (plant 

cells and bacteria), a device known as a "French Press" is occasionally used. This device 

forces slurry of the cells through an orifice (opening) at very high pressures. The rapid 

expansion of the pressure from within literally "blows" the cells apart. While this technique is 

not often required, it is the only way to break open some materials. The units have capacities 

from 1 to 40 ml and can reach pressures of 20,000-40,000 pounds per square inch (psi).  

Ultrasonification  

Ultrasonicators have been used with increasing popularity to separate organelles from cells, 

particularly from tissue culture cells. Light use of an ultrasonic wave can readily remove cells 

from a tissue culture substrate (such as the culture flask). It can also be adjusted to merely 

separate cells, or to break open the plasma membrane and leave the internal organelles intact.  

Once the organelles are released, the next step is to separate them from each other and the 

other cell materials. The usually this is done by centrifugation: The broken cells are put into a 

special test tubes then placed in a centrifuge which spins them rapidly. The spinning 
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generates a centrifugal force that pushes downward on the test tube contents. The materials 

that settle to the bottom of the tube are called the “sediment” or the “pellet”. The liquid above 

the pellet is called the “supernatant”.  

There are two methods of centrifugation that are routinely used to isolate organelles: 

Differential centrifugation (which fractionates organelles according to their size, shape or 

density) and equilibrium density centrifugation (which fractionates organelles only on the 

different densities of the organelles).  

11.3 ISOLATION AND FRACTIONATION OF SUBCELLULAR ORGANELLES 

An important aspect of the study of the Biochemistry and Cell Biology of eukaryotes is the 

study of the function of cell organelles. This often means that organelles have to be purified 

so that they are free of other cell components with the minimum damage to the structure and 

function of the organelle. Various methods can be used for the disruption of the tissue 

depending on the size of the cells, the collagen content of the tissue (or in the case of plant 

cells, the thickness of the cell walls). Liver is perhaps the most easily fractionated of all 

tissues with relatively large cells (10 -20 µm) which are readily broken.  

The homogeniser used is a power driven Teflon homogeniser (Potter-Elvehjem) rotating in a 

closely-fitting glass tube. The size of the gap between the pestle and the glass is such that the 

rotating pestle applies a shearing force which breaks open the cell releasing the contents 

without breaking the organelles. The degree of homogenisation of the tissue depends on (a), 

the speed of rotation of the pestle, (b), the clearance between the pestle and the glass 

container, (c), the number of strokes of the pestle and (d), the thrust force applied. If the 

pestle is too tight or too many strokes are applied the organelles will be damaged. The 

development of the best procedure for the homogenisation of any tissue for the preparation of 

intact organelles is a matter of the application of scientific principles plus trial and error 

based on experimentation. 

The other important factor for the isolation of intact organelles is the composition of the 

homogenisation medium, particularly the osmotic strength of the medium. As with intact 

cells, a hypo-osmolar medium causes organelle swelling and breakage. Usually the organelles 

are more susceptible to osmotic damage than the cells from which they are derived.  
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The homogenisation should therefore be performed in an iso-osmotic medium containing an                        

inert substance, for example 0.25 M sucrose (or mannitol). Sometimes iso-osmotic 0.1M KCl 

is used, reflecting the cytoplasmic concentration of the salt in most cells. 

Usually a dilute buffer is also added to prevent large fluctuations in pH which may damage 

organelles. The maintenance of a pH gradient is especially important in the function of some 

organelles. 

Chelators of divalent metal ions such as EDTA or EGTA are often added because such metal 

ions may damage organelles. 

Once the cell-free homogenate has been prepared the next step is the use of centrifugation to 

separate out the various organelles which is discussed later in this Unit.   

 

 

Fig. 11.1 Isolation of Cell Organelles 
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11.4 CHARACTERISATION OF ORGANELLES IN FRACTIONS: 

 Organelles may be identified by their characteristic appearance under the electron 

microscope or with fluorescent-tagged antibodies raised against specific organelle 

components or by measuring specific marker enzymes. 

Marker Enzymes 

Each organelle has a specific role to play in cellular function and it therefore follows that 

certain components (including proteins and enzymes) are only found associated with one 

organelle. This is not the case for all proteins as there is an increasing body of evidence that 

some proteins are translocated from one cellular compartment to another as part of the normal 

cell function. However there are certain enzymes that are easy to measure which are located 

primarily in a single type of organelle or cell compartment. These are known as marker 

enzymes (see table for marker enzymes). The genes for these marker enzymes also code for a 

leader or signal peptide which directs the particular protein into a specific cellular location. 

The assay of marker enzymes can be used to track the fate of a particular organelle during a 

fractionation procedure.  

Let us examine how marker enzymes may be used to identify organelles, starting with a 

structure which is not an organelle as such but that does have very specific and important 

functions. i.e. the plasma membrane. 

Plasma membrane 

The plasma membrane has many essential functions, including transporting nutrients into the 

cell and removing waste products, preventing unwanted materials from entering the cell and 

preventing the loss of essential metabolites as well as maintaining the intracellular ions, pH 

and osmotic pressure of the cytoplasm. 

A good marker for the hepatic plasma membrane is 5’ nucleotidase: 

  AMP   adenosine + Pi 

This activity is located on the extracellular surface of the plasma membrane of the liver – its 

function here is not entirely clear. 

Plasma membrane fractions are often prepared by homogenisation of tissue in dilute (1mM) 

NaHCO3. Depending on the degree of homogenisation of a tissue the marker enzyme tends to 
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be located in large sheets of membrane fragments which tend to sediment at low speed (1,000 

x g) along with nuclei, whole cells and large mitochondria. However this fraction may be 

sub-fractionated on a discontinuous sucrose gradient where the fraction suspended in 0.25M 

sucrose which is overlaid on 37% sucrose which, in turn, is overlaid on 57% sucrose and 

centrifuged at 75,000 x g for 16 h.  The nuclei and whole cells sediment to the bottom of the 

tube, mitochondria accumulate at the interface of the 37% and 57% sucrose, while the plasma 

membrane accumulates at the interface of the 0.25 M sucrose and the 37% sucrose. Much 

smaller, plasma membrane vesicles can also form on homogenisation which appears in the 

‘microsomal’ or 100,000 x g pellet along with the endoplasmic reticulum. This fraction can 

also be sub-fractionated using the discontinuous gradient described above with the plasma 

membrane vesicles accumulating at the 0.25 M sucrose / 37% sucrose interface. 

Endoplasmic Reticulum 

The ER is the network of channels for proteins targeted for specific modifications rather than 

cytosolic proteins. There are two types of ER visible under the electron microscope; the 

rough ER has ribosomes attached and is the site of protein synthesis while the smooth ER 

does not have ribosomes but has enzymes involved in lipid synthesis and steroid metabolism. 

A marker enzyme for liver ER is glucose-6-phosphatase which catalyses the following 

reaction: 

  Glu-6-P   Glucose + Pi 

This enzyme plays a key role in the regulation of glucose output by liver and thus in control 

of blood glucose. It is the final enzyme of the gluconeogenic pathway and also in the 

mobilisation of glycogen in the liver. If the enzyme activity is determined in a microsomal 

fraction the activity is rather low unless a detergent is added. This is because the active site of 

the enzyme is on the inside of the microsomal vesicles. Glucose-6-phosphate uptake by the 

vesicles is rate limiting; there is a specific Glu-6-P transporter which is essential for the 

activity because otherwise the ER membrane is impermeable to the phosphorylated 

derivatives. The activity of Glu-6-phosphatase appears much greater when detergent is added 

to permeabilise the membrane. This phenomenon is known as LATENCY and this can also 

been shown for enzymes located in other organelles (e.g. lysosomes) when exposed to 

hydrophilic substrates. 
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11.5 FRACTIONATION BY DIFFERENTIAL CENTRIFUGATION 

Differential centrifugation is a procedure in which the homogenate is subjected to repeated 

centrifugations each time increasing the centrifugal force. Differential centrifugation schemes 

involve stepwise increases in the speed of centrifugation. At each step, more dense particles 

are separated from less dense particles, and the successive speed of centrifugation is 

increased until the target particle is pelleted out. The final supernatant is removed, the pellet 

is resuspended and further study or purification can be done on it.  

For a typical cell homogenate, a 10 min. spin at low speed (400-500 x g) yields a pellet 

consisting of unbroken tissue, whole cells, cell nuclei, and large debris. The low speed pellet 

is traditionally called the nuclear pellet. A 10 min. spin at a moderately fast speed, yielding 

forces of 10,000 to 20,000 x g brings down mitochondria along with lysosomes and 

peroxisomes. Therefore the second pellet in the traditional cell fractionation scheme is called 

the mitochondrial pellet. 

Further cell fractionation by differential centrifugation requires the use of an ultracentrifuge. 

Such an instrument is designed to spin rotors at high angular velocities, to generate very high 

g forces. The air must be pumped out of the chamber in order to avoid heat build up due to air 

friction. In fact, many rotors that are designed for an ultracentrifuge are not even built 

aerodynamically, since they are spun in a vacuum. A one hour high speed ultracentrifuge run 

that generates a force on the order of 80,000 x g yields a microsomal pellet. Microsomes 

include fragments of membrane, including cell membrane and endoplasmic reticulum. 

Membrane fragments form vesicles when disrupted in an aqueous medium, so examination 

would reveal numerous membrane vesicles of various sizes. The vesicles themselves can be 

separated on the basis of density, due to varying protein content. But that's a subject for 

another document. 

Spin for several hours at 150,000 x g or so, and you can bring down ribosomes and even the 

largest of macromolecules. The supernatant that remains consists of soluble components of 

the cytoplasm, including salts, small macromolecules and precursor molecules, and dissolved 

gases. 

To understand better, we will discuss the specific example of differential centrifugation to 

fractionate a mammalian liver homogenate but similar methods should be applicable to all 
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mammalian tissues, cultured cells, and organisms such as yeast, as long as an efficient 

homogenization procedure is available 

 

 

 

 

 

 

 

 

 

 

 

All operations should be carried out at 0–4oC and all solutions should be pre-cooled on ice. 

1. Prepare the homogenate according to one of the strategies discussed above. 

2. If the nuclear pellet is to be processed, filter the homogenate through four layers of 

cheesecloth or fine nylon mesh (pore size 75 μm) to remove any unbroken cells and 

connective tissue. This filtration is not normally necessary for cultured cells. 

3. Pellet the nuclear fraction by centrifugation at 1,00g for 10 min. 

4. Pellet the heavy mitochondrial fraction by centrifuging the post-nuclear supernatant at 

2,000g for 10 min. 

5. Pellet the light mitochondrial fraction by centrifugation of the heavy mitochondrial 

supernatant at 15,000–20,000g for 20 min. 

6. Pellet the microsomal fraction by centrifuging the light mitochondrial supernatant at 

100,000g for 50-60 min. 

7. Re-suspend all pellets in the appropriate medium by gentle homogenization with a loose 

fitting Dounce homogenizer (approx. 0.5-mm clearance) to ensure complete dispersion of the 

pellets. 

 

 

Fig. 11.2 Flow chart showing  subcellular fractionation 
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11.6 FRACTIONATION BY DENSITY GRADIENT CENTRIFUGATION:  

Density gradient centrifugation is a widely-used centrifugation technique used to create 

relatively pure fractions of cellular components. In fact, density-gradient centrifugation is 

capable of creating purer fractions than is differential centrifugation. Density-gradient 

centrifugation involves the centrifugation of material through a centrifugation medium of 

higher or graded density. When exposed to an elevated centrifugal force, cellular components 

migrate through the medium and separate based on their density. 

To obtain pure components, even after differential centrifugation, density-gradient 

centrifugations have to be performed. In this process, the components are separated by 

sedimentation by a gradient of dense substance like sucrose. So, here, the sample is layered at 

the top of a gradient (sucrose). There is sedimentation of particles according to their sizes 

through gradient at different rates and discrete layers are formed. Thus, there is collection of 

each fraction which contains organelles of similar size (like mitochondria, lysosomes etc.). 

Some of the gradients discussed below. 

Sucrose Density Gradients. Many substances are available to manipulate the density of the 

centrifugation medium. Sucrose is perhaps the most commonly used material for density 

manipulation. Sucrose is a disaccharide consisting of a glucose and one fructose molecule 

(see below). It possesses many of the characteristics of an ideal centrifugation medium: it is 

relatively stable, inert to biological samples, and relatively inexpensive. However, sucrose 

solutions of relatively high density are also hypertonic and high in viscosity. Therefore, it is 

not very useful in the separation of osmotically-sensitive materials. 

Iodixanol (Optiprep) Density Gradients. Optiprep is an attractive alternative to sucrose for 

the production of density gradients. Optiprep is the trade name for a solution of 60% 

iodixanol in water. Iodixanol is a non-toxic, non-ionic substance originally developed as a 

contrast medium for coronary angiography. It is regarded as an ideal density gradient medium 

because it is non-toxic, iso-osmotic and of low viscosity. As such, it will not osmotically 

stress cellular organelles. In addition, Optiprep's low viscosity permits organelle isolation at 

relatively low centrifugation force. 
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11.6.1 Organelles sedimented by centrifugation at increasing speeds 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 [1] 1,000 x g (10 min) Unbroken cells, nuclei, plasma membrane sheets, heavy  

     mitochondria plus smaller, trapped particles. 

[2] 3,000 x g (10 min) Heavy mitochondria, plasma membrane fragments plus  

     smaller, trapped particles. 

[3]  10,000 x g (20 min) Mitochondria, lysosomes, peroxisome, some Golgi   

     membranes and rough endoplasmic reticulum. 

[4]  100,000 x g (60 min)    Membrane vesicles derived from smooth and rough  

    endoplasmic reticulum, Golgi vesicles and plasma  

     membrane vesicles. 

[5] Supernatant  Cytoplasmic components plus any soluble organelle  

     components released during homogenisation and  

      fractionation. 

 

 

Table 11.1 Showing different Organelles sedimented by centrifugation at increasing 

speeds 

 

Sub-cellular organell              Size µm Density (g/cm
3
, sucrose medium) 

Nuclei    3 - 12   >1.30 

Mitochondria   0.5 - 2.0  1.17 - 1.21 

Lysosomes   0.2 - 0.4  1.20 - 1.22 

Peroxisomes   0.2 - 0.5  1.23 

Endoplasmic reticulum 0.05 - 0.30     1.15 (smooth), 1.22 (rough)  

Golgi stacks   ~ 1.0   1.10 - 1.13 

Golgi vesicles   ~0.05   1.10 - 1.13 

Plasma membrane sheets 20   1.15 - 1.19 

Plasma membrane vesicles 0.05   < 1.17 

 

 

Table 11.2 Showing   Size and Density of Some Sub-cellular Organelles from 

Liver 
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11.7 SUMMARY:  

In biological studies, a separation of molecules from complex mixture is very 

important in order to deduce their properties. To achieve this goal ultracentrifugation acts as a 

key player in this regard. Several different centrifugation techniques were employed. Among 

them is, density gradient centrifugations. Animal cell is also very complex, enclosed several 

small structures within it called as cellular organelles. This Unit deals with the cellular 

fractionation techniques beginning cell disruption to isolation of cellular organelles by 

differential or density gradient centrifugation. A detail of markers useful in identification of 

particular organelle of cell is also discussed. 

11.8 KEY WORDS 

Organelles: organelles are membrane-bound sub-cellular structures which compartmentalize 

specific functions within a eukaryotic cell. 

Enzymes: Organelles are membrane-bound sub-cellular structures which compartmentalize 

specific functions within a eukaryotic cell. 

Differential centrifugation: It is a procedure in which the homogenate is subjected to 

repeated centrifugations each time increasing the centrifugal force.  

 

11.9 QUESTIONS FOR SELF STUDY: 

1. How do you isolate mitochondria from plant cells by centrifugation? Discuss in detail 

 

Table 11.3 Chemical and Enzyme Markers for subcellular Membranes 
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2. Collect the data on commercially available density gradient materials. Compare and 

discuss their advantages and disadvantages 

3. We have studied several homogenization techniques, make a list of advantages of each 

technique and list out the technique suitable for various kinds of tissues or cells 

4. How do you determine the molecular weight of a given protein by using ultracentrifuge? 

5. We have a complete blood sample. How do you separate WBC, platelets from it by using 

ultracentrifugation? 

6. Derive the equation for sedimentation velocity and sedimentation equilibrium  
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BLOCK-III: Ultracentrifugation 

 

UNIT- 12:   
 

Spectroscopic techniques: Colorimeter, Beer-Lambert’s law and its 

limitations. Determination of extinction coefficient; applications of 

colorimeter. 

 

STRUCTURE 
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12.3 Beer-Lambert’s law  
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12.5 Definition of Extinction Coefficients 
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12.7 Different types of spectrophotometry 

12.8 Applications of spectrophotometry 

12.9 Summary 

12.10 Keywords 

12.11 Questions for self study 

12.12 References for further reading 
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12.0 OBJECTIVES: After studying this unit, you should be able to 

 Understand the theory and instrumentation of spectrophotometer 

 Describe the applications of spectrophotometer 

 Explain Beer’s law and determination of extinction coefficient 

 

12.1 INTRODUCTION: 

 Spectroscopy is the study of the interaction between electromagnetic radiation and 

matter (Latin: “spectrum” — ghost or spirit, Greek — to look carefully). We do not look 

directly at the matter (atoms, molecules) but at its “ghost”. We observe the interaction of 

electromagnetic radiation with different properties of the matter. Each type of spectroscopy 

gives a different picture of the matter → the spectrum. The spectrum is the variation of the 

intensity of the radiation as a function of the frequency or wavelength. Spectrometry implies 

a quantitative measurement of intensity. In this unit we will learn various spectroscopic 

techniques such as colorimeter and specrophotometer and the various laws that help in 

understanding this versatile technique. 

 

12.2 SPECTROSCOPIC TECHNIQUES: 

 Spectrophotometry and colorimetry are conventional techniques for quantitatively 

determining substances encountered in biochemistry. All substances in solution absorb light 

of some wavelength and transmit light of other wavelengths. Absorbance is a characteristic of 

a substance just like melting point, boiling point, density and solubility. Absorbance can be 

related to the amount of the substance in solution, thus it can be used to quantitatively 

determine the amount of substance that is present. 

Spectrophotometry theory 

Light can be described as a wave. This wave has an electric component and a magnetic 

component which are perpendicular to each other (Figure). Electromagnetic radiation exhibits 

a direction of propagation and wave-like properties (i.e., oscillations). The energy of 

electromagnetic radiation is defined as: 

E = hc/λ= hν 

where E = energy, h = Planck's constant, c = the speed of light, λ = the wave length, and ν = 

frequency. Light behaves both as a wave and as a particle. The conceptual particle of light is 

called a photon and is represented by hν. Electromagnetic radiation exhibits a wide spectrum 
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and specific ranges of wavelengths have names (Figure). Electromagnetic radiation can be 

generated with a wide range of wavelengths. The energy of electromagnetic radiation is 

inversely proportional to its wavelength. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

When a light wave encounters a particle, or molecule, it can be either scattered (i.e., direction 

changed) or absorbed (energy transferred). Molecules can only absorb discreet packets of 

energy, or quanta. Absorption occurs when the energy of the photon corresponds to 

differences between energy levels in that particular molecule. Absorption of the energy from 

the photon elevates the molecule to an excited state. 

 

A molecule or substance that absorbs light is known as a chromophore. Chromophores 

exhibit unique absorption spectra and can be defined by a wavelength of maximum 

absorption, or λmax. A large number of biological molecules absorb light in the visible and 

ultraviolet (UV) range. 

The net effect of absorption is that the intensity of the light decreases as it passes through a 

solution containing a chromophore. The amount of light absorbed depends on the nature of 

the chromophore, the concentration of the chromophore, the thickness of the sample, and the 

conditions (eg., pH, solvent, etc.) Absorption is governed by the Beer-Lambert Law. 

 

12.3 BEER-LAMBERT’S LAW:  

 
Fig. 12.1 The electromagnetic spectrum 
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When a light passes through absorbing medium at right angle to the plane of surface or the 

medium or the solution, the rate of decrease in the intensity of the transmitted light decreases 

exponentially as the thickness of the medium increases arithmetically. Accordingly, the 

amount of light passing through a substance is called transmittance, T, or percent 

transmittance %T, and is defined by the following equations: 

T = I / Io  

%T = 100% (I / Io) 

where Io is the intensity of the incident light and I is the intensity of the transmitted light. The 

amount of light of a specified wavelength absorbed by the substance depends on the length of 

the light path through the substance. The negative logarithm of the transmittance, the 

absorbance, A, is directly proportional to the amount of light absorbed and to the length of 

the light path and is described by the Lambert law, which states that “When a beam of light 

is allowed to pass through a transparent medium, the rate of decrease of intensity with the 

thickness of medium is directly proportional to the intensity of light.” 

mathematically: 

-log( T ) = -log (I / Io) = A = k1b 

Here b is the length of the medium, usually a solution in a cell, and k1 is a constant. A 

comparison of the scales for percent transmittance and absorbance may be used to convert 

percent transmittance into absorbance. The negative logarithm of the transmittance is also 

directly proportional to the concentration of the absorbing substance c and is described by 

Beer's law, which states that “Intensity of incident light decreases exponentially as the 

concentration of absorbing medium increases arithmetically.” Mathematically, 

-log (I/Io) = -log T = A = k2c 

Combining the two laws gives the Lambert-Beer law: 

-log (I/Io) = -log T = A = εbc 

where ε is a constant called the extinction coefficient incorporating k1 and k2. 

Derivation of Beer-Lambert’s law: 

Mathematically, the Lambert’s law may be expressed as follows. 

- dI / dt  α I 

-dI / dt = KI          . . . . . . . . . .(1) 

Where I = intensity of incident light 

         t = thickness of the medium 

  K= proportionality constant 

By integration of equation (1), and putting I=I0 when t=0, 
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I0/ It = kt    or    It= I0 e
-kt

 

Where, I0 = intensity of incident light 

          It  = intensity of transmitted light 

           k = constant which depends upon wavelength and absorbing medium used. 

By changing the above equation from natural log, we get, 

                     It = I0 e
-Kt

          . . . . . . . . . .(2) 

Where K = k/ 2.303 

           So,     It = I0 e
-0.4343 kt

    

                    It = I010
-Kt

          . . . . . . . . . .(3) 

Since Beer’s law statement is very similar to Lambert’s law. So, 

 It = I0 e
-k' c

 

 
It = I0 10

-0.4343 k' c
 

                          It = I0 10
 K' c

       . . . . . . . . . .(4)       

Where k' and K'= proportionality constants 

                  c = concentration 

By combining equation (3) and (4), we get, 

                     It = I0 10
 -act

       

               I0 / It = 10
 act

 

Where, K and K' = a or ε 

                    c = concentration 

              t or b = thickness of the medium 

          log I0 / It = εbc              . . . . . . . . . .(5) 

Where ε = absorptivity, a constant dependent upon the λ of the incident radiation and nature 

of absorbing material. The value of ε will depend upon the method of expression of 

concentration.  

The ratio I0 / It is termed as transmittance T, and the ratio log I0 / It is termed as absorbance A. 

formerly, absorbance was termed as optical density D or extinction coefficient E. the ratio I0 / 

It is termed as opacity. Thus, 

                 A = log I0 / It          . . . . . . . . . .(6) 

From equation (5) and (6), 

                 A = εbc                 . . . . . . . . . .(7) 

Thus, absorbance is the product of absorptivity, optical path length and the concentration of 

the solution. 
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The term E
1%

1 cm or A
1%

1 cm refers to the to the absorbance of 1 cm layer of the solution 

whose concentration is 1 % at a specified λ. 

According to equation (7),  

                A = log I0 / It 

Transmittance T is a ratio of intensity of transmitted light to that of the incident light.  

                T = I0 / It 

The more general equation can be written as follows: 

A = log I0 / It = log 1/ T = – log T = abc = εbc 

 

12.4 LIMITATIONS TO BEER’S LAW: 

12.4.1 Fundamental limitations to Beer’s law 

Beer’s law is a limiting law that is valid only for low concentrations of analyte. There are two 

contributions to this fundamental limitation to Beer’s law. At higher concentrations the 

individual particles of analyte no longer behave independently of each other. The resulting 

interaction between particles of analyte may change the analyte’s absorptivity. A second 

contribution is that the analyte’s absorptivity depends on the sample’s refractive index. 

Because the refractive index varies with the analyte’s concentration, the values of a and ε 

may change. For sufficiently low concentrations of analyte, the refractive index is essentially 

constant and the calibration curve is linear. 

12.4.2 Instrumental limitations to Beer’s law 

There are two principal instrumental limitations to Beer’s law. The first limitation is that 

Beer’s law assumes that the radiation reaching the sample is of a single wavelength—that is, 

that the radiation is purely monochromatic. However, even the best wavelength selector 

passes radiation with a small, but finite effective bandwidth. Polychromatic radiation always 

gives a negative deviation from Beer’s law, but the effect is smaller if the value of ε is 

essentially constant over the wavelength range passed by the wavelength selector. For this 

reason,  it is better to make absorbance measurements at the top of a broad absorption peak. 

In addition, the deviation from Beer’s law is less serious if the source’s effective bandwidth is 

less than one-tenth of the natural bandwidth of the absorbing species. When measurements 

must be made on a slope, linearity is improved by using a narrower effective bandwidth. 

 

 

12.5 DEFINITION OF EXTINCTION COEFFICIENTS:  
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If the extinction coefficient for a substance at the maximum absorbance is known and the 

path length is fixed, the concentration of the substance can be determined. The extinction 

coefficient may be obtained from the literature or determined by measuring the absorbance at 

different concentrations of the substance. A plot of the absorbance versus concentration 

should give a linear curve whose slope is the extinction coefficient when the cell length is 

1.00cm. 

The measurement of the amount of light absorbed may be either as percent transmittance 

(%T) or as absorbance (A). Absorbance is used more often than percent transmittance 

because this variable is linear with the concentration of the absorbing substance, whereas 

percent transmittance is exponential. The side-by-side absorbance and percent transmittance 

scales show that when the amount of light absorbed is greater than 50%, errors become 

magnified. The measurement of concentration, therefore, is best achieved between 0.05 and 

0.30 absorbances and between 90 and 50% transmittance. The errors in measuring 

absorbance values of 1 or 2 could be very large. 

When the extinction coefficient is known and a fixed path length established, the 

concentration of an unknown amount of the substance can be determined by measuring the 

absorbance of the substance and applying the Lambert-Beer law. 

c = A / ( εb ) 

The limit of sensitivity of a spectrophotometric analysis is determined by the value of the 

extinction coefficient. The higher value of the extinction coefficient, the lower is the 

concentration that may be measured. If the molar extinction coefficient is 10,000 Lmol
-1

cm
-1

 

and the minimum detectable absorbance is 0.01, then for a cell with a 1.00 cm path length, 

the minimum molar concentration that can be measured is 1.00x10
-6

 M. 

a
M = 10,000 Lmol

-1
cm

-1
 

A = 0.01 

b = 1 cm 

c = A / ( εb ) = 0.01/((10,000 Lmol-1cm-1)(1 cm)) = 1.00x10-6 M. 

If the molar extinction coefficient, however, were 10 times greater, the minimum molar 

concentration that could be measured would be 10 times lower, or 1.00x10
-7

 M. Substances 

that have very high extinction coefficients give high absorbance values, usually a desirable 

characteristic, as indicated above. To obtain reliable absorbance values between 0.10 and 

0.30, however, the experimental parameters must be modified. Either the sample must be 

diluted or, if it is not desirable to dilute the sample, the path length must be decreased. 
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12.6 INSTRUMENTATION:  

Spectrophotometers produce monochromatic light and then accurately measure the light 

intensity. The major components of a spectrophotometer are instruments that share several 

common basic components, including a source of energy, a means for isolating a narrow 

range of wavelengths, a detector for measuring the signal, and a signal processor that displays 

the signal in a form convenient for the analyst.  

 

 

 

 

 

 

 

 

 

 

 

12.6.1 Sources of energy:  

All forms of spectroscopy require a source of energy. In absorption and scattering 

spectroscopy this energy is supplied by photons. Emission and photoluminescence 

spectroscopy use thermal, radiant (photon), or chemical energy to promote the analyte to a 

suitable excited state. 

Sources of Electromagnetic Radiation. A source of electromagnetic radiation must provide an 

output that is both intense and stable. Sources of electromagnetic radiation are classified as 

either continuum or line sources. A continuum source emits radiation over a broad range of 

wavelengths, with a relatively smooth variation in intensity. A line source, on the other hand, 

emits radiation at selected wavelengths. 

Sources of Thermal Energy. The most common sources of thermal energy are flames and 

plasmas. Flames sources use the combustion of a fuel and an oxidant to achieve temperatures 

of 2000–3400 K. Plasmas, which are hot, ionized gases, provide temperatures of 6000–10 

000 K. 

12.6.2 Wavelength selection: In Nessler’s original colorimetric method for ammonia, 

described at the beginning of the Unit, the sample and several standard solutions of ammonia 

are placed in separate tall, flat-bottomed tubes. After adding the reagents and allowing the 

 

Fig. 12.2 Basic Instrumentation of a 

Spectrophotometer 
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color to develop, the analyst evaluates the color by passing natural, ambient light through the 

bottom of the tubes and looking down through the solutions. By matching the sample’s color 

to that of a standard, the analyst is able to determine the concentration of ammonia in the 

sample. Every wavelength of light from the source passes through the sample. If there is only 

one absorbing species, this is not a problem. If two components in the sample absorb 

different wavelengths of light, then a quantitative analysis using Nessler’s original method 

becomes impossible. Ideally we want to select a wavelength that only the analyte absorbs. 

Unfortunately, we cannot isolate a single wavelength of radiation from a continuum source. 

The effective bandwidth is defined as the width of the radiation at half of its maximum 

throughput. The ideal wavelength selector has a high throughput of radiation and a narrow 

effective bandwidth. 

Wavelength can be selected by filters. The simplest method for isolating a narrow band of 

radiation is to use an absorption or interference filter. Absorption filters work by selectively 

absorbing radiation from a narrow region of the electromagnetic spectrum. A filter has one 

significant limitation—because a filter has a fixed nominal wavelength, if you need to make 

measurements at two different wavelengths, then you need to use two different filters. A 

monochromator is an alternative method for selecting a narrow band of radiation that also 

allows us to continuously adjust the band’s nominal wavelength. Monochromators are 

classified as either fixed-wavelength or scanning. In a fixed-wavelength monochromator we 

select the wavelength by manually rotating the grating. A scanning monochromator includes 

a drive mechanism that continuously rotates the grating, allowing successive wavelengths to 

exit from the monochromator. 

12.6.3 Detectors: In Nessler’s original method for determining ammonia the analyst’s eye 

serves as the detector, matching the sample’s 

color to that of a standard. The human eye, of 

course, does not have a poor range 

responding only to visible light nor is it 

particularly sensitive or accurate. Modern 

detectors use a sensitive transducer or 

photomultiplier to convert a signal consisting 

of photons into an easily measured electrical 

signal. Photomultiplier tubes, also called 

photoelectric cells, convert light intensity into 

an electrical current. The basic principle of a photomultiplier tube is the ejection of electrons 

 

Fig 12.3 Schematic representation of 

photomultiplier: 
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from a metal surface and the measurement of the resulting current. A receiver is coated with 

potassium or other metal in a highly evacuated tube. The tube also contains a wire screen 

which is connected to the receiver through a battery and a sensitive galvanometer. Light 

hitting the receiver ejects electrons which are attracted to the positive charge of the screen. 

The resulting current is directly proportional to the number of electrons ejected per unit time, 

which is proportional to the light intensity. In other words, the energy of the photon is 

transferred to a single electron within the metal. If this energy is sufficiently large then the 

electron will be ejected from the surface of the metal and retain some kinetic energy which 

depends upon the energy of the photon that ejected it. The number of electrons ejected will 

depend on the number of photons (i.e., light intensity). This is known as the photoelectric 

effect. There are two broad classes of spectroscopic transducers: thermal transducers and 

photon transducers. 

 

A photon strikes the photo emissive cathode producing electrons, which accelerate toward a 

positively charged dynode. Collision of these electrons with the dynode generates additional 

electrons, which accelerate toward the next dynode. A total of 10
6
–10

7
 electrons per photon 

eventually reach the anode, generating an electrical current. 

Signal processor: A transducer’s electrical signal is sent to a signal processor where it is 

displayed in a form that is more convenient for the analyst. Examples of signal processors 

include analog or digital meters, recorders, and computers equipped with digital acquisition 

boards. A signal processor also is used to calibrate the detector’s response, to amplify the 

transducer’s signal, to remove noise by filtering, or to mathematically transform the signal. 

 

12.7 DIFFERENT TYPES OF SPECTROPHOTOMETRY 

 A. Single Beam:  In this type, all the light passes through the sample .To measure the 

intensity of the incident light the sample must be removed so that all the light can pass 

through. This type of spectrometer is usually less expensive and less complicated. 

 B. Double Beam: In this type, before reaches the sample the light source is split into two 

separate beams. From these one passes through the sample and second one is used for 

reference. This gives the advantageous because at the same time the reference reading and 

sample reading can take place. 

 C. Visible Light (400-700 nm): Visible spectrophotometers can use incandescent, halogen, 

LED, or a combination of these sources and these spectrophotometers vary in accuracy. 

Plastic and glass cuvettes can be used for visible light spectroscopy. 



Unit-12: Spectroscopic techniques 

KSOU, Mysore. M.Sc., BC 1.2; Block-3: Unit-12 Page 186 

 

D. Ultraviolet Light: UV spectroscopy is used for fluids, and even solids. Cuvettes, only 

made of quartz, are used for placing the samples. 

E. Infrared Light: IR spectroscopy, which helps to study different structures of molecules 

and its vibrations. Different chemical structures vibrate in different ways due to variation of 

energy associated with each wave length. For example, mid-range and near infrared (higher 

energy) infrared tends to cause rotational vibrations and harmonic vibrations respectively. 

 

12.8 APPLICATIONS OF SPECTROPHOTOMETRY:  

Determining the concentration of substances in solution is the most common use of the 

spectrophotometer. Exact concentrations can be determined in cases where measurement is 

carried out under the prescribed conditions. The substance being measured does not 

necessarily need to absorb radiation if it can scatter radiation. For example, measuring the 

A600 is a quick and easy way to monitor bacterial growth and determine the number of 

bacteria in cultures. In addition, since compounds exhibit unique absorption profiles, 

spectrophotometry can also be used to identify unknown compounds.  

Spectrophotometry is also a convenient method to measure enzyme activity in cases where 

the substrate and the product exhibit different λ max. Either the disappearance of substrate or 

the appearance of product over time is measured. The change in the Al per unit time 

(generally per minute) is calculated. The change in Al of a blank (= identical sample without 

enzyme source) is subtracted from this value. The enzyme activity in terms of amount of 

product formed per unit time per mg protein can be calculated by factoring in the amount of 

enzyme, dilution factors and the extinction coefficient (see example in appendix). A typical 

example of a formula for the calculation of enzyme activity is: 

 

Activity = (ΔAsample - ΔAblank).volume.10
6
/ε .Δtime.mg protein 

 

where activity is expressed as mmoles product formed/min/mg protein; DAsample is the 

change in absorbance of the sample containing enzyme; ΔAblank is the change in absorbance 

of a sample containing everything except the enzyme; the volume in the cuvette expressed in 

the same units as e; 10
6 

mmoles per mole (assuming ε is expressed in moles); ε is the molar 

extinction coefficient; Dtime is the time in minutes the reaction was measured; and mg 

protein in the cuvette. In deriving such formulas it is important to match the units. The units 

of e may also include the 1 cm thickness of the cuvette which is ignored in the calculations. 
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Factors affecting absorption: Although the absorption spectrum is primarily determined by 

the chemical structure of the chromophore, environmental factors can affect λmax and ε. The 

pH determines the ionization of chromophore which in many cases will affect the absorption 

properties of a chromophore. Indicator dyes and pH paper are examples of this phenomenon. 

The polarity of the solvent or neighbouring molecules can also affect absorption. Because of 

this effect, spectrophotometry can also be used to determine structural features of 

macromolecules. For example, whether particular amino acid residues are buried within the 

internal portion of proteins or exposed on the aqueous solvent at the protein surface can be 

determined by spectrophotometry. 

 

12.9 SUMMARY:  

Substances in solution have a property of absorbing light of some wavelength and 

transmitting it as light of other wavelengths. Spectroscopy is a versatile instrument used by 

utilizing this property to study several reactions. After observing this property Scientists, 

Beer and Lambert mathematically represents this phenomenon which is still in use in state of 

art spectroscopic technology.  In this Unit we have studied the principle and instrumentation 

of spectroscopic technique. Formula for determination of extinction coefficient is 

represented. Applications and limitation of Beer-Lamberts law as well as spectroscopy is 

discussed elaborately. 

 

12.10 KEY WORDS:  

Absorbance: It is a characteristic of a substance just like melting point, boiling point, density 

and solubility. 

Chromophore: A molecule or substance that absorbs light is known as a chromophore. 

Beer's law: It a law of absorption states that “Intensity of incident light decreases 

exponentially as the concentration of absorbing medium increases arithmetically.” 

Lambert law: It is a law of absorption which states that “When a beam of light is allowed to 

pass through a transparent medium, the rate of decrease of intensity with the thickness of 

medium is directly proportional to the intensity of light.” 

Photomultiplier tubes: An instrument, also called photoelectric cells, convert light intensity 

into an electrical current. 

 

12.11 QUESTIONS FOR SELF STUDY: 
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1. How do you determine the concentration of unknown substrate by using extinction 

coefficient principle? 

2. On what basis do you select the wavelength for different molecules? 

3. What are the different types of spectrophotometers used in biochemistry labs? 
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BLOCK – IV: Tracer techniques 
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13.0 OBJECTIVES 

After studying this unit you will be able to understand, 

 History and discovery of radioactivity  

 Briefly about radioactivity, isotopes and its units 

 Tracer techniques used in biology and medicine 

 Difference between Artificial and Natural radioactivity 

 Nuclear reactions and Generation of light isotopes 

 

13.1 INTRODUCTION 

The accidental discovery of a natural phenomenon called radioactivity by the French scientist 

Henry Becquerel and later by Madam Curie opens up a new era in the scientific field. This 

leads to the discovery of its applications in different field which is not limited to physics, 

chemistry, but employed in agriculture, environmental studies to medical studies. So it is 

necessary to acquire the knowledge of radioactive techniques to understand the biological 

science better. In this block, we learn the basics of radioactivity with the broad topic ‘isotopic 

tracers’. This unit covers the topics ranges from basic aspects of radioactivity to several 

related techniques such as isotopic tracers which are commonly used in this modern world.  

13.2 ISOTOPES 

Isotopes are the elements having the same atomic number (proton) but different mass number 

(varying number of neutrons). The Greet word iso-means equal and tope-means place i.e. 

isotopes occupy the same place in periodic table. The accepted convention is that mass 

number is written on the left side of the symbol letters to denote the particular isotopes. 

Atomic number may be shown on the left lower corner of the symbol.  

13.2.1 Radioactivity: 

Isotopes may be stable or unstable and latter may be naturally occurring or artificial. The 

spontaneous degradation of nucleus and transmutation of one element to another with 

consequent emission of rays or particles is known as radioactivity. Chemical reactions are 

based on the activity of electrons, while radioactivity is due to subnuclear components. 

Elements capable of undergoing radioactive decay are called radionuceides.  
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13.2.2 The Discovery of Radioactivity:  

In 1896 Henri Becquerel was using naturally fluorescent minerals to study the properties of 

x-rays, which had been discovered in 1895 by Wilhelm Roentgen. He exposed potassium 

uranyl sulfate to sunlight and then placed it on photographic plates wrapped in black paper, 

believing that the uranium absorbed the sun’s energy and then emitted it as x-rays. This 

hypothesis was disproved on the 26th-27th of February, when his experiment “failed” 

because it was overcast in Paris. For some reason, Becquerel decided to develop his 

photographic plates anyway. To his surprise, the images were strong and clear, proving that 

the uranium emitted radiation without an external source of energy such as the sun. Becquerel 

had discovered radioactivity.  

The term radioactivity was actually coined by Marie Curie, who together with her husband 

Pierre, began investigating the phenomenon recently discovered by Becquerel. The Curies 

extracted uranium from ore and to their surprise, found that the leftover ore showed more 

activity than the pure uranium. They concluded that the ore contained other 

radioactiveelements. This led to the discoveries of the elements polonium and radium. It took 

four more years of processing tons of ore to isolate enough of each element to determine their 

chemical properties. 

Ernest Rutherford, who did many experiments studying the properties of radioactive decay, 

named these alpha, beta, and gamma particles, and classified them by their ability to 

penetrate matter. Rutherford designed an apparatus. When the air from the chamber was 

removed, the alpha source made a spot on the photographic plate. When air was added, the 

spot disappeared. Thus, only a few centimeters of air were enough to stop the alpha radiation.  

Because alpha particles carry more electric charge, are more massive, and move slowly 

compared to beta and gamma particles, they interact much more easily with matter. Beta 

particles are much less massive and move faster, but are still electrically charged. A sheet of 

aluminum one-millimeter thick or several meters of air will stop these electrons and 

positrons. Because gamma rays carry no electric charge, they can penetrate large distances 

through materials before interacting several centimeters of lead or a meter of concrete is 

needed to stop most gamma rays. 

13.2.3 Radiation Measurement (unit of radioactivity):  
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When given a certain amount of radioactive material, it is customary to refer to the quantity 

based on its activity rather than it’s mass. The activity is simply the number of disintegrations 

or transformations the quantity of material undergoes in a given period of time. The two most 

common units of activity are the Curie and the Becquerel. One Curie is equal to 3.7x10
10 

disintegration per second. The SI unit of activity is the Becquerel named for Henri Becquerel 

who is credited with the discovery of radioactivity. One Becquerel is equal to one 

disintegration per second (1Ci = 3.7 x I0
10 

Bq or 37 GBq). It is obvious that the Curie is a 

very large amount of activity and the Becquerel is a very small amount. To make discussion 

of common amounts of radioactivity more convenient, we often talk in terms of milli- and 

microCuries or kilo- and MegaBecquerels.  

1/1000 of a curie = millicurie (mCi) = 37 MBq  

1/1000 of a millicurie= microcurie (μCi) 

13.3 ISOTOPIC TRACERS 

Both the modern biologist and the modern physician find radioactive elements to be an 

indispensible tool in their laboratories, almost as routine as a microscope or a weighing 

balance. Tracer methods find applications in nearly every field of science, be it medicine, 

biology, physiology, nutrition, toxicology, biotechnology, which are tipically life science 

fields or more technical areas, as physics, chemistry, agriculture, geoscience, engineering, 

which have now become integral part of everyday life.  

The common issues for all these applications concern the possibility to trace the entity object 

of interest, called tracee, that may be a substance, or a component of a substance, like a 

radical, a molecule or an atom. An ideal tracer has the same physical or chemical or 

biological properties of interest as the tracee, but it presents some peculiar characteristic that 

enables its detection in the system where the tracee is also present. 

The production of an isotopic tracer involves the substitution of one or more naturally 

occurring atoms in specific positions in the tracer molecule with an isotope of that atom with 

a less common abundance. Either stable or radioactive isotopes can be used as tracers. Mass 

differences of isotopes are due to different number of nuclear neutrons, so that the chemical 

properties are not affected. Both stable and radioactive isotopes of an element take part in the 

same chemical reactions of the element. The use of a labelled tracer requires the assumption 
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that the labelled molecule, or atom, will not be discriminated from the unlabeled and will 

trace the position or movement of the unlabelled molecules.  

The tracer studies in general consists of, a) preparation of labelled compound, b) introduction 

of labelled compound into a biological system and c) separation and determination of labelled 

species in various biochemical fractions at a later time. 

Tracer techniques are employed usually to answer following questions.  

1. How much of an administered radioactive tracer is detected at a particular site at the end of 

a specific reaction? Examples: Thyroid uptake measurement, where amount of orally 

administered radioactive iodine trapped by the thyroid gland at different time periods is 

determined.  In vitamin B12 absorption study, the orally administered radioactive vitamin B12 

absorbed front the gut is measured.  

2. Where does the administered tracer localize? The renal cells concentrate 99m-DMSA and 

imaging of kidney can show the distribution of the tracer in this organ. A colloidal solution of 

99m-sulphur colloid is trapped in reticuloendothelial system while large aggregates or 

particulate material are trapped in the capillary circulation of lungs after an intravenous 

injection. Sometimes inquiry into where and how much can be combined into a single 

investigation.  

3. At what rate are events happening in the body? In a renogram, e.g., radiation detectors 

placed externally over both the kidneys record the rate at which the injected radioactive 

hippuran is passing through each kidney. In metabolic studies with radioactive albumin, the 

rate of synthesis and catabolism of this protein can be determined.  

4. How does the biochemical are in processes progress? The study of intermediate 

metabolism of various substrates falls in this category. If carbon position 1 of the glucose 

molecule were labelled, detection of this radioactivity would allow us to find steps in which 

this particular carbon moiety is handled. 

Choice of a stable or a radioactive tracer approach: 

The principles of the use of stable and/or radioactive isotopes in tracer studies are similar, 

however fundamental differences exist which have to be kept in mind in the design of a tracer 

experiment or in the choice for a tracer application.  
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Stable isotopes are non radioactive, that means, in case of in vivo application, no radiation 

hazard for the investigated subjects, with undeniable advantages for particular groups of the 

population such as pregnant women and newborns. At the same time, this characteristic 

demands measuring techniques which are usually, even if not strictly always, more complex 

compared to those used for radioactive ones. For in vitro or non human applications (e.g. 

molecule labelling, DNA sequencing, environmental studies...) the use of stable and 

radioactive tracers can be seen as a complementary approach, although the protection of the 

working personnel exposed to radiation hazard should be taken into account. 

For in vitro studies radioactive isotopes may be the tracers of choice, for environmental 

studies (soils, waters, plants, animals) the advantage of radiotracers should be balanced 

against possible risks involved for the exposed personnel (including environmental release), 

whereas in human studies the superior diagnostic information provided must be justified by a 

soundly recognized benefit for the exposed subject or for the community as a whole. 

Applications: 

Tracer techniques have many useful applications in a wide variety of situations, for example, 

they can be used within a plant or animal to follow the movement of certain chemicals. In 

medicine, they have many uses, such as imaging, being used as tracers to identify abnormal 

bodily processes, testing of new drugs and conducting research into cures for disease. 

However owning to the vast number of applications, and complexity of experimental details, 

only few are discussed briefly. 

Phosphorus uptake by plants 

Plants take up phosphorus-containing compounds from the soil through their roots. By adding 

a small amount of radioactive phosphorus-32 to fertilizer and then measuring the rate at 

which radioactivity appears in the leaves, it is possible to calculate the rate of uptake of 

phosphorus from the soil. The information gathered could help plant biologists to identify 

plant types that can absorb phosphorus quickly. These plants may give better yields resulting 

in more food or fibre at less expense. 

Pesticide levels 

To measure pesticide levels, a pesticide can be tagged with a radioisotope such as chlorine-

36, and this is applied to a field of test plants. Over a period of time, radioactivity 
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measurements are made. Estimates can then be made about how much accumulates in the 

soil, how much is taken up by the plant and how much is carried off in run-off surface water. 

Medical tracers 

Radioactive isotopes and radioactively labeled molecules are used as tracers to identify 

abnormal bodily processes. This is possible because some elements tend to concentrate (in 

compound form) in certain parts of the body – iodine in the thyroid, phosphorus in the bones 

and potassium in the muscles. When a patient is injected with a compound doped with a 

radioactive element, a special camera can take pictures of the internal workings of the organ. 

Analysis of these pictures by a specialist doctor allows a diagnosis to be made. 

The thyroid gland, situated in the neck, produces a hormone called thyroxine, which regulates 

the rate of oxygen use by cells and the generation of body heat. Within each molecule of 

thyroxine, there are 4 iodine atoms. If a patient is made to drink a solution of sodium iodide 

that has been doped with radioactive iodine-131, most of it will end up in the thyroid gland. 

A special camera can capture the radiation emitted by the iodine-131, and an image of the 

gland can be constructed. An assessment can then be made about the shape, size and 

functioning of the gland. 

Isotope dilution, 

 In which radioisotopes are introduced into stable isotopes of the same element and mixed, is 

a widely used technique for determining the volume of a system. To measure the contents of 

the human blood system or of an industrial tank, a minute quantity of radioactive tracer is 

added and allowed to mix uniformly throughout the system; then a sample of known volume 

is removed from the system and measured for the amount of radioactive tracer it contains. 

The ratio of this content to the amount originally introduced is proportional to the volume of 

the entire system. 

Along with this, tracer technique is used in several biological studies, which includes but not 

limited to, the study of ‘fate of cellular and sub-cellular particles’, ‘metabolic studies’ such as 

mineral metabolism, metabolic turnover time determinations. It is also used to study the 

mechanism of enzyme action and several molecular biology experiments. 

Positron emission tomography (PET) 
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A positron emission tomography (PET) scan measures important body functions, such as 

blood flow, oxygen use and glucose use. The information gathered helps doctors find out how 

well organs and tissues are functioning. 

Radionuclides used in PET scanning are isotopes with short half–lives, such as carbon-11 

(~20 min), nitrogen-13 (~10 min), oxygen-15 (~2 min) and fluorine-18 (~110 min). These 

radionuclides are added into compounds normally used by the body such as glucose (or 

variations of glucose), water or ammonia. Such labelled compounds are known as 

radiotracers. In some situations, the patient is required to breath oxygen gas labelled with 

oxygen-15. 

The radionuclides used in PET decay by a process called positron emission. A positron is the 

antimatter version of the electron. When a positron meets an electron, an annihilation event 

occurs, resulting in the production of two gamma rays. The two emitted gamma rays travel in 

opposite directions.  

The scanning instrument picks up the location of these gamma rays and, with the aid of a 

powerful computer, generates a map of where these events are occurring. By combining the 

PET scan with a CT scan, a more complete picture of how well an organ is functioning can 

be made. 

13. 4 NATURAL AND ARTIFICIAL RADIOACTIVITY 

Natural radioactivity: Our world is radioactive and has been since it was created. 

Radionuclides are found in air, water and soil, and additionally in us, being that we are 

products of our environment. Every day, we ingest/inhale nuclides in the air we breathe, in 

the food we eat and the water we drink. Radioactivity is common in the rocks and soil that 

makes up our planet, in the water and oceans, and even in our building materials and homes. 

It is just everywhere. There is no where on Earth that you can get away from natural 

radioactivity. It is either, Primordial - been around since the creation of the Earth, or, 

Cosmogenic - formed as a result of cosmic ray interactions. 

Primordial radionuclides are left over from when the world and the universe were created. 

They are typically long lived, with half-lives often on the order of hundreds of millions of 

years. Cosmic radiation permeates all of space, the source being primarily outside of our solar 

system. The radiation is in many forms, from high speed heavy particles to high energy 
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photons and muons. The upper atmosphere interacts with many of the cosmic radiations, and 

produces radioactive nuclides. They can have long half-lives, but the majority has shorter 

half-lives than the primordial nuclides. Cosmic radiation interacts with our atmosphere to 

produce cosmogenic radionuclides. It also is responsible for a whole body doses. 

Cosmic radiation is really divided into two types, primary and secondary. Primary cosmic 

radiation is made up of extremely high energy particles (up to 10
18

 eV), and are mostly 

protons or sometimes larger particles. A large percentage of it comes from outside of our 

solar system and is found throughout space. Some of the primary cosmic radiation is from our 

sun, produced during solar flares. 

Little of the primary cosmic radiation penetrates to the earth's surface, the vast majority of it 

interacts with the atmosphere. When it does interact, it produces the secondary cosmic 

radiation, or what we actually see here on Earth. These reactions produce other lower energy 

radiations in the form of photons, electrons, neutrons and ions that make it to the surface. The 

atmosphere and the Earth's magnetic fields also act as shields against cosmic radiation, 

reducing the amount that reaches the Earth's surface.  

Artificial Radioactivity: All the naturally occurring isotopes above bismuth in the periodic 

table are radioactive and in addition naturally radioactive isotopes of bismuth, thalium, 

vanadium, indium, neodymium, gadolinium, hafnium, platinum, lead, rhenium, lutetium, 

rubidium, potassium, hydrogen, carbon, lanthanum, and samarium exist. In 1919 Rutherford 

carried out the first nuclear reaction when he bombarded ordinary nitrogen gas (nitrogen-14) 

with alpha particles and found that the nitrogen nuclei captured alpha particles and emitted 

protons very rapidly, forming a stable isotope of oxygen, oxygen-17.  

Not until 1933 was it demonstrated that such nuclear reactions could sometimes result in the 

formation of new radioactive nuclei. The French chemists Irène and Frédéric Joliot-Curie 

prepared the first artificially radioactive substance in that year when they bombarded 

aluminum with alpha particles. The aluminum nuclei captured alpha particles and then 

emitted neutrons with the consequent formation of an isotope of phosphorus, which decayed 

by positron emission with a short half-life. They also produced an isotope of nitrogen from 

boron and one of aluminum from magnesium. Since that time a great many nuclear reactions 

have been discovered, and the nuclei of elements throughout the periodic table have been 

bombarded with different particles, including alpha particles, protons, neutrons, and 
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deuterons (ions of the hydrogen isotope of mass 2). As a result of this intensive investigation, 

more than 400 artificial radioactivities are now known. This research has been aided 

immeasurably by the development of particle accelerators that accelerate the bombarding 

particles to enormous speeds, thus in many cases increasing the probability of their capture 

by the target nuclei. 

The vigorous investigation of nuclear reactions and the search for new artificial 

radioactivities, especially in connection with the search for such activities among the heavier 

elements, was responsible for the discovery of nuclear fission and the subsequent 

development of the atomic bomb. The investigations have also resulted in the discovery of 

several new elements that do not exist in nature. The development of nuclear reactors has 

made possible the production on a large scale of radioactive isotopes of nearly all the 

elements of the periodic table, and the availability of these isotopes is an incalculable aid to 

chemical research and to biological and medical research. Of great importance among the 

artificially produced radioactive isotopes is an isotope of carbon, carbon-14, which has a half-

life of about 5730 ± 40 years. The availability of this substance has made possible the 

investigation of numerous aspects of life processes, such as the process of photosynthesis, in 

a more fundamental manner than hitherto considered possible. 

Scientists have recently shown that a very minute but unchanging amount of carbon-14 is 

present in the atmosphere of the earth and that all livIng organisms assimilate traces of this 

isotope during their lifetime. After death this assimilation ceases and the radioactive carbon, 

constantly decaying, is no longer maintained at a steady concentration. Estimation of the ages 

of a number of objects, such as bones and mummies, of historical and archaeological interest 

has been made possible by carbon-14 measurements. 

In neutron-activation analysis, a sample of a substance is made radioactive in a nuclear 

reactor. A number of impurities that cannot be detected by other means can then be found by 

detecting the particular types of radioactivity that are associated with radioisotopes of these 

impurities. Other applications of radioactive isotopes are in medical therapy, industrial 

radiography, and specific devices such as phosphorescent light sources, static eliminators, 

thickness gauges, and nuclear batteries. 
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13.5 NUCLEAR REACTIONS AND GENERATION OF LIGHT ISOTOPES (RADIO-

ISOTOPES)  

Atom: A typical model of the atom is called the Bohr Model, in honour of Nobel Laureate 

Niels Bohr who proposed the structure in 1913. The Bohr atom consists of a central nucleus 

composed of neutrons and protons, which is surrounded by electrons which "orbit" around 

the nucleus. (Figure13.1) Protons carry a positive charge of one and have a mass of about 1 

atomic mass unit or amu (1 amu =1.7x10
-27 

kg, a very small number). Neutrons are 

electrically neutral and also have a mass of about 1 amu. In contrast, electrons carry a 

negative charge and have mass of only 0.00055 amu. 

 

 

 

 

 

The number of protons in a nucleus determines the type of element. For example, the number 

of protons in uranium is 92 and the number in neon is 10. The proton number is often referred 

to, as Z. Almost the entire mass of an atom is concentrated in the nucleus. However, the 

diameter of the nucleus is very small as compared to that of the atom (10
-15

cm versus 10
-10 

cm). The number of electrons is always the same as the number of protons inside the nucleus 

and, as both of them carry opposite charges. The parity between the protons and electrons 

make an atom electrically neutral. 

The normal structure of a stable atom is intricately balanced, the number of neutrons 

counterbalancing the number of protons, and the amount of electric charge inside the nucleus 

balanced by that outside the nucleus. If this normal arrangement is disturbed, the atom 

becomes unstable and gets rid of some of its particles by releasing energy. For instance, 

normal hydrogen atom has I proton inside the nucleus. An isotope of hydrogen called 

deuterium has I proton and 1 neutron. This arrangement is still acceptable and deuterium is a 

stable isotope of hydrogen. Tritium, another isotope of hydrogen, has one proton and two 

neutrons and this arrangement makes the atom unstable. To achieve stability the atom 

 

Fig. 13.1 Typical model of Atom 
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rearranges its nuclear configuration by breaking up one extra neutron into a proton and a 

negative particle called β (beta), which finally escapes from the nucleus. 

Nuclear reaction: A nuclear reaction is a process in which two nuclei or nuclear particles 

collide, to produce different products than the initial particles. When nuclei are close to each 

other, nucleons from one nucleus can jump into another one. This happens because there are 

attractive and repulsive forces between the nucleons. The complicated interplay of these 

forces may cause their regrouping. As a result, the reagent particles are transformed into 

product particles. Such processes are called nuclear reactions. 

For example, when two isotopes He collide, the six nucleons constituting them, can 

rearrange in such a way that the isotope He is formed and two protons are liberated. 

Similarly to chemical reactions, this process is denoted as 

 

The same as in chemical reactions, nuclear reactions can also be either exothermic (i.e. 

releasing energy) or endothermic (i.e. requiring an energy input). The above reaction releases 

12.86MeV of energy. Thus, when considering a particular nuclear reaction, we can always 

learn if it releases or absorbs energy. For this, we only need to compare total masses on the 

left and right hand sides of the equation. So, we can understand why it is very convenient to 

express masses in the units of energy. 

Light isotopes: 

Isotopes differ with regard to the number of neutrons and hence their atomic weight. The 

isotopes that have the greater atomic mass due to the presence of an extra neutron(s) are 

termed heavy, while those with the lower atomic mass are referred to as the light isotope. 

Among the elements of biological interest, the light isotopes are far more abundant than the 

heavy isotopes. Heavy isotopes undergo all of the same chemical reactions as light isotopes, 

but, simply because they are heavier, they do it ever so slightly slower. These tiny differences 

in reaction rates cause the products of reactions to have different isotope ratios than the 

source materials. Knowing the precise isotope ratios in plant and animal tissues allows us to 

know about the processes by which the materials were formed. This can tell if a plant's roots 

are tapping recent rain or deep groundwater, the water-use efficiency of whole forests, what 

an animal has eaten throughout its life and where it sits on the food chain, and the global 

sources and sinks for carbon dioxide in the atmosphere. Historical materials, including those 



Unit-13: Isotopic tracers 

KSOU, Mysore. M.Sc., BC 1.2; Block-4: Unit-13 Page 201 

 

that may be many thousands of years old, can be analyzed in the same manner, allowing us to 

compare modern and ancient environments. 

13.6. Generation of light isotopes (radio-isotopes):  

This method is widely used to produce certain short-lived radioisotopes in a hospital or clinic. 

It involves obtaining a relatively long-lived radioisotope which decays into the short-lived 

isotope of interest. 

A good example is 
99m

Tc which as we have noted before is the most widely used radioisotope 

in nuclear medicine today. This isotope has a half-life of six hours which is rather short if we 

wish to have it delivered directly from a nuclear facility. Instead the nuclear facility supplies 

the isotope 
99

Mo which decays into 
99m

Tc with a half life of about 2.75 days. The 
99

Mo is 

called the parent isotope and 
99m

Tc is called the daughter isotope. 

So the nuclear facility produces the parent isotope which decays relatively slowly into the 

daughter isotope and the daughter is separated chemically from the parent at the 

hospital/clinic. The chemical separation device is called, in 

this example, a 
99m

Tc Generator: 

It consists of a ceramic column with 
99

Mo adsorbed onto its 

top surface. A solution called an eluent is passed through the 

column, reacts chemically with any 
99m

Tc and emerges in a 

chemical form which is suitable for combining with a 

pharmaceutical to produce a radiopharmaceutical. The 

arrangement shown in the figure on the right is called a 

Positive Pressure system where the eluent is forced through 

the ceramic column by a pressure, slightly above 

atmospheric pressure, in the eluent vial. 

The ceramic column and collection vials need to be 

surrounded by lead shielding for radiation protection 

purposes. In addition all components are produced and need 

to be maintained in a sterile condition since the collected 

solution will be administered to patients. 

 Fig. 13.2  Main components of 

a 99mTc-Generator 

 

http://upload.wikimedia.org/wikibooks/en/7/7f/NM11_2.gif
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Finally an Isotope Calibrator is needed when a 
99m

Tc Generator is used to determine the 

radioactivity for preparation of patient doses and to check whether any 
99

Mo is present in the 

collected solution. 

13.7 SUMMARY:  

Since the creation, our world is radioactive and is present in air, water, soil… every where 

and it is also being produced artificially in the laboratory. The details about the phenomenon 

of artificial and natural radioactivity are studied in detail. Process in which two nuclei or 

nuclear particles collide to produce different products than the initial particles is called as 

nuclear reaction. Types of nuclear reactions occurring are discussed in detail. By substitution 

of one or more naturally occurring atoms in specific positions in the selected molecule one 

can produce a tracer molecule. Either stable or radioactive isotopes can be used as tracers. By 

using these tracers, biologists as well as geologist are studying numerous subjects. In this 

Unit we have studied the theory and applications of tracer technique. 

13.8 KEYWORDS 

Proton (p): Subatomic stable particle carries one positive charge. 

Neutron (n): Subatomic stable particle carries no charge. 

Electron (e): It is negatively charged subatomic particle, revolves around nucleus. 

Isotope: Elements having same atomic number but different mass number. 

Radioactivity: The spontaneous degradation of nucleus and transmutation of one element to 

another with consequent emission of rays is called radioactivity. 

13.9 QUESTIONS FOR SELF STUDY 

1. Procedure for the identification of molecular weight of peptide using mass spectroscopy? 

2. Explain the general nuclear reaction, nuclear fission and nuclear fusion? 

3. Read in detail the experiments carried out by Marie Curie? 

4. If a particular isotope preparation is said to be 2 Ci, how many Becquerels do you think it 

has? Calculate. 
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14.0 OBJECTIVES: After reading this unit you should be able to understand, 

 Explain the theory and construction of Mass Spectrometery 

 Heavy isotopes and its abundance 

 Radioisotopes, which are useful in biology and medicine. 

 

14.1 INTRODUCTION:  

Numerous techniques are used in world of science to detect, identify and quantitate the 

molecules. However, a sensitive technique named ‘mass spectrometry’ is developed for this 

purpose. This instrument utilizes both the mass and charge of the molecules to calculate. 

Mass spectrometry has both qualitative and quantitative uses. Mass spectrometry is employed 

to analyze combinatorial libraries, sequence biomolecules, structural elucidation of 

unknowns, environmental and forensic analysis, and quality control of drugs, flavours and 

polymers. In this Unit, we study, theory, instrumentation and applications of mass 

spectrometry. Radioiosotopes used in biology and medicine are discussed individually. 

14.2 HEAVY ISOTOPES 

Heavy isotopes are the isotopes which have large masses and different chemical properties as 

compared to their parent atoms contrast to light isotopes, which is discussed elsewhere in 

previous Unit. Heavy isotopes which are less abundant in nature, and they undergo all of the 

same chemical reactions as light isotopes, but simply because they are heavier, they do it ever 

so slightly slower. Below is the list of heavy isotopes based on its abundance. 

 

14.3 THEORY AND CONSTRUCTION OF MASS SPECTROMETER 

Mass spectrometry is a sensitive technique used to detect, identify and quantitate molecules 

based on their mass and charge (m/z). Originally developed almost 100 years ago to measure 

elemental atomic weights and the natural abundance of specific isotopes, MS was first used 
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in the biological sciences to trace heavy isotopes through biological systems and later to 

sequence oligonucleotides and peptides and analyze nucleotide structure. Mass spectrometry 

(MS) is a powerful analytical technique. Over the past decades, mass spectrometry has 

undergone tremendous technological improvements that have made it an essential analytical 

tool in chemistry, biochemistry, pharmacy and medicine. Mass spectrometry is employed to 

analyze combinatorial libraries, sequence biomolecules, structural elucidation of unknowns, 

environmental and forensic analysis, and quality control of drugs, flavours and polymers. 

Mass spectrometry has both qualitative and quantitative uses. In a typical MS procedure, a 

sample, which may be solid, liquid, or gas, is ionized. The ions are separated according to 

their mass-to-charge ratio. To achieve these goals, a mass spectrometer ionizes the chemical 

compounds to generate charged molecules or molecule fragments and measures their mass-

to-charge ratios (m/z). A mass spectrometer consists of an ion source (ionization), a mass 

analyzer (separation of ions) and a detector (detects and measures the number of ions 

formed). 

An Ion Source: is a device to convert neutral atoms into ions. The atom is ionised by 

knocking one or more electrons off to give a positive ion. This is required because all mass 

spectrometers use electromagnetic fields to manipulate atoms, and the atoms must be charged 

(and hence be ions) to be manipulated. In addition to creating the ions, the ion sources form 

an ion beam. That is, it will provide some degree of focusing, collimation, and acceleration to 

the ions. Most mass spectrometers use positive ions, since they are in general more easily 

created, but sometimes using negative ions is required.  

It's important that the ions produced in the ionisation chamber have a free run through the 

machine without hitting air molecules. The vaporised sample passes into the ionisation 

chamber. The electrically heated metal coil gives off electrons which are attracted to the 

electron trap which is a positively charged plate. The particles in the sample (atoms or 

molecules) are therefore bombarded with a stream of electrons, and some of the collisions are 

energetic enough to knock one or more electrons out of the sample particles to make positive 

ions. Most of the positive ions formed will carry a charge of +1 because it is much more 

difficult to remove further electrons from an already positive ion. These positive ions are 

persuaded out into the rest of the machine by the ion repeller which is another metal plate 

carrying a slight positive charge. Techniques for ionization have been key to determining 

what types of samples can be analyzed by mass spectrometry. Electron ionization and 

chemical ionization are used for gases and vapors. 
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A Mass Analyzer: is a filter that separates ions by mass (or more specifically by momentum 

or energy) in space or in time. This is done using a combination of electric and magnetic 

fields, sometimes including RF fields. It generally will also provide some degree of focusing 

to compensate for any optical spread of the ion beam leaving the source. Usually, the mass 

separator and ion source are designed to match one another. all mass spectrometers rely on a 

mass analyzer, not all analyzers operate in the same way; some separate ions in space while 

others separate ions by time. In the most general terms, a mass analyzer measures gas phase 

ions with respect to their mass-to-charge ratio (m/z), where the charge is produced by the 

addition or loss of a proton(s), cation(s), anion(s) or electron(s). The addition of charge 

allows the molecule to be affected by electric fields thus allowing its mass measurement. This 

is an important aspect to remember about mass analyzers -- they measure the m/z ratio, not 

the mass. It is often a point of confusion because if an ion has multiple charges, the m/z will 

be significantly less than the actual mass. Four commonly used analyzers are the magnetic 

sector, the quadrupole, the time-of-flight, and the Fourier transform analyzers. 

A Detector or Detector Array: is used 

to measure the ions leaving the mass 

analyzer. There are many types of 

detectors, but most work by 

producing an electronic signal when 

struck by an ion.  Once the ions are 

separated by the mass analyzer, they 

reach the ion detector, which 

generates a current signal from the 

incident ions. The mass analyzer sorts 

the ions according to m/z and the detector records the abundance of each m/z.  The most 

commonly used detector is the electron multiplier, which transfers the kinetic energy of 

incident ions to a surface that in turn generates secondary electrons. Electron multiplier, 

which is made up of a series (12 to 24) of aluminum oxide (Al2O3) dynodes maintained at 

ever increasing potentials. Ions strike the first dynode surface causing an emission of 

electrons. These electrons are then attracted to the next dynode held at a higher potential and 

therefore more secondary electrons are generated. Ultimately, as numerous dynodes are 

involved, a cascade of electrons is formed that results in an overall current gain on the order 

of one million or higher. 

 

Fig. 14.1 Schematic presentation of Mass Spectrometry  
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Sample Introduction Techniques: 

     Sample introduction was an early challenge in mass spectrometry. In order to perform 

mass analysis on a sample, which is initially at atmospheric pressure (760 torr), it must be 

introduced into the instrument in such a way that the vacuum inside the instrument remains 

relatively unchanged (~10-6 torr). The most common methods of sample introduction are 

direct insertion with a probe or plate commonly used with MALDI-MS, direct infusion or 

injection into the ionization source such as ESI-MS.  Direct Insertion: Using an insertion 

probe/plate is a very simple way to introduce a sample into an instrument. The sample is first 

placed onto a probe and then inserted into the ionization region of the mass spectrometer, 

typically through a vacuum interlock. The sample is then subjected to any number of 

desorption processes, such as laser desorption or direct heating, to facilitate vaporization and 

ionization. 

     Direct Infusion: A simple capillary or a capillary column is used to introduce a sample as 

a gas or in solution. Direct infusion is also useful because it can efficiently introduce small 

quantities of sample into a mass spectrometer without compromising the vacuum. Capillary 

columns are routinely used to interface separation techniques with the ionization source of a 

mass spectrometer. These techniques, including gas chromatography (GC) and liquid 

chromatography (LC), also serve to separate a solution’s different components prior to mass 

analysis are termed as LC-MS or LC-MS/MS, respectively. In gas chromatography, 

separation of different components occurs within a glass capillary column. As the vaporized 

sample exits the gas chromatograph, it is directly introduced into the mass spectrometer. 

Data representations: Mass spectrometry produces various types of data. The most common 

data representation is the mass spectrum. Certain types of mass spectrometry data are best 

represented as a mass chromatogram. Types of chromatograms include selected ion 

monitoring (SIM), total ion current (TIC), and selected reaction monitoring (SRM), among 

many others. Other types of mass spectrometry data are well represented as a three-

dimensional contour map. In this form, the mass-to-charge, m/z is on the x-axis, intensity the 

y-axis, and an additional experimental parameter, such as time, is recorded on the z-axis. 

Data analysis: 

Mass spectrometry data analysis is specific to the type of experiment producing the data. 

General subdivisions of data are fundamental to understanding any data. Many mass 
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spectrometers work in either negative ion mode or positive ion mode. It is very important to 

know whether the observed ions are negatively or positively charged. This is often important 

in determining the neutral mass but it also indicates something about the nature of the 

molecules. 

Results can also depend heavily on sample preparation and how it was run /introduced. An 

important example is the issue of which matrix is used for MALDI spotting, since much of 

the energetics of desorption/ionization event is controlled by the matrix rather than the laser 

power. Sometimes samples are spiked with sodium or another ion-carrying species to 

produce adducts rather than a protonated species. 

Mass spectrometry can measure molar mass, molecular structure, and sample purity. Each of 

these questions requires a different experimental procedure; therefore, adequate definition of 

the experimental goal is a prerequisite for collecting the proper data and successfully 

interpreting it. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 14.2 Schematic presentation of MS and MS/MS of protein 
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Table 14.1 Common applications of Mass spectrometry. 

Field of Study Applications 

 

Proteomics 

 Determine protein structure, function, folding and interactions 

 Identify a protein from the mass of its peptide fragments 

 Detect specific post-translational modifications throughout 

complex biological mixtures 

 Quantitate (relative or absolute) proteins in a given sample 

 Monitor enzyme reactions, chemical modifications and protein 

digestion 

Drug Discovery  Determine structures of drugs and metabolites 

 Screen for metabolites in biological systems 

 

Clinical Testing 

 Perform forensic analyses such as confirmation of drug abuse 

 Detect disease biomarkers (e.g., newborns screened for metabolic 

diseases) 

Genomics  Sequence oligonucleotides 

Environment  Test water quality or food contamination 

Geology  Measure petroleum composition 

 Perform carbon dating 

 

14.4 RADIOISOTOPES IN BIOLOGY 

Tritium (
3
H): This isotope emits a very low energy beta-ray having a maximum energy of 18 

kilovolts. It can be rapidly detected by the photographic emulsion, a Geiger counter or the 

scintillation counter. It has been extensively used in the form of tritiated thymidine as a 

means of specifically labelling DNA and has provided much useful information in molecular 

biology. It has also been tried as a cancer cell killer. It should however be understood that 

such a compound constitutes a very serious hazard because it is specially geared to enter and 

so affect the genetic part of the cells. 

Carbon-14(
14

C):  This is a stable isotope, which is obviously intimately related to biological 

compounds, are reasonably available. Carbon is available upto 96% concentration and so can 

be used in studies which need very heavily labelled material.  
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Phosphorus-32 (
32

P):  More or less of equal importance with carbon-14 is phosphorus-32 

(some have called it as perfect isotope to use). Its maximum beta particle energy makes it 

easy to detect. It has no gamma radiation and consequently can be handled in relatively large 

quantities without danger. The half-life of fifteen days makes it possible to employ it in 

relatively long biochemical process. This same half-life however, it is too short to store it 

commercially. It is therefore necessary to use it immediately on acquisition. It can be 

produced by bombarding sulphur with neutrons of over 1MeV energy. The resulting 

phosphorus-32 is totally separable from sulphur giving rise to very high specific activity. 

Sulphur-35 (
35

S): With more or less similar characteristics as 
14

C, sulphur-35 has been used 

as an important tracer in protein studies. Nearly every protein contains one or more of the 

sulphur containing amino acids thus can be labelled with 35S. Sulpur-35 has been recently 

widely used in DNA sequencing studies. 

Iodine-131(
131

I):  Iodine-131 is produced by the irradiation of tellurium-130 in a nuclear 

reactor. Iodine-131, with a half-life of 8.02 days, and mode of decay is beta particle and 

gamma radiation.  It is used for a variety of applications. These include diagnostic and 

therapeutic thyroid applications (in either a solution or capsule form), industrial tracers, and 

various research applications such as antibody labeling. Iodine-131 is also used to label 

antibodies for therapeutic applications in the treatment of cancers. 

14.5 SUMMARY 

Traditionally, the emitted radiations are classified as alpha (α), beta (β), and gamma (γ) 

radiation. Mass spectrometry, a technique used to detect, identify and quantitate molecules 

based on their mass and charge, which is developed almost hundred years. In this Unit we 

have studied instrumentation, brief procedure ranging from sample injection to data analysis 

and applications of MS elaborately. Several radioisotopes were discussed individually with 

respect to their production and its applications in molecular biology and therapeutics.  

14.6 KEYWORDS 

Quenching: Quench is a reduction in system efficiency as a result of energy loss in the liquid 

scintillation solution. 

Mass spectrometry: A technique used to detect, identify and quantitate molecules based on 

their mass and charge. 
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Tracer technique: A technique in which labeled compound is administered in the system 

and traces them at a given time. 

14.7 QUESTIONS FOR SELF STUDY 

1. What are the uses of Isotopes in Biology? 

2. How isotopic tracers are employed in cancer? 

3. Why do we use 
35

S and not 
32

P to label nucleic acid? 

4. Both phosphorus and hydrogen are integral part of nucleotides. Why do the researchers 

prefer 
3
H-thymidine to 

32
P nucleotide while assaying DNA synthesis? 
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15.0 OBJECTIVES 

After studying this unit you will be able to understand 

 Concept of half-life and decay constant 

 Instrumentation and applications of GM-counter and Scintillation counter 

 Definition and formulae for the specific activity of radioactive molecules. 

 Purification and applications of career-free isotopes 

 Applications of isotope dilution and its calculations 

 Procedure and applications of autoradiography 

 

15.1 INTRODUCTION 

Isotope dilution techniques have been used in many biological and geological experiments 

where it is impossible to quantitatively separate the given substance from a mixture. This 

technique is useful for biochemists in determining the blood plasma and RBC volume as well 

as to estimate the total volume of water in the body. In this unit, we will study some concepts 

and calculation methods for this. Once the radiolabeled molecule is transferred onto the gel or 

onto the blot, it needs to be recorded permanently. For this purpose a technique called 

autoradiography is used. Let us study detailed procedure for autoradiography.Several 

radioisotope techniques have been employed in several studies ranging from geochemistry to 

medicine and several instruments for this purpose have been designed. Few such instruments 

which are used extensively are GM-counter and scintillation counter. The theory, 

construction and applications as well as drawbacks are also studied elaborately in this Unit. 

15.2 CONCEPT OF HALF LIFE 

 Half-life: The rate of disintegration of a radioactive atom or reduction in its radioactivity is 

exponential, i.e., in a fixed period of time, it becomes half of what it was to start with. This is 

called half-life of that particular element. Each radioisotope has its own invariable, immutable 

half-life, which may be expressed in terms of seconds, days or years. The half-life of a 

radioisotope is an important consideration in biological experiments: it indicates the duration 

of time during which it will be, possible to detect a tracer because of its radioactivity and 

during which it would continue to affect the biological systems by its radiation.  

Many biological processes in the body follow, the exponential rate, for instance, metabolic 

rates, excretion, clearance, etc. Half-life in terms of radioactivity is physical half-life, while 

half-life in terms of presence in the biological systems is called biological half-life. For a 
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radioisotope injected in a patient, both physical and biological half-lives can be ascertained 

and usually the resultant of both is called effective half-life of a radioisotope. Relationship 

between them can be expressed as: 1/Teffective= 1/Tbio+1/Tphys 

From the above equations, we can deduce the half-life as 

 

Using this number we can rewrite the decay law in the form: 

 

The following table expresses the half-lives of some of the common radioisotopes: 

 

15.3 DECAY CONSTANT 

Radioactive decay: 

The ratio of protons to neutrons is of importance in determining whether or not an element is 

radioactive. An unstable radioactive nucleus may reach or approach stability through 

emission of radiation. This emission of radiation is known as radioactive decay. 

The most common forms of radiation emitted have been traditionally classified as alpha (α), 

beta (β), and gamma (γ) radiation. Nuclear radiation occurs in other forms, including the 

emission of protons or neutrons or spontaneous fission of a massive nucleus. 
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Alpha (α) decay: 

Alpha decay is a radioactive process in which a particle with two neutrons and two protons is 

ejected from the nucleus of a radioactive atom. When alpha particle is released, the element 

changes, the atomic number is reduced by 2 and mass number is lowered by 4.  

Ex:     

Alpha decay occurs only in very heavy elements (when mass number (A) is greater than 150) 

such as uranium, thorium and radium. The nuclei of these atoms are very "neutron rich" 

which makes emission of the alpha particle possible. 

Beta (β) decay: When a neutron is split, one proton, one electron (beta particle) and one 

neutrino are generated. The element is changed to one having a higher number in periodic 

table. In this process, a neutron or proton inside the nucleus is converted into a proton or 

neutron and excessive energy is lost.  

Ex:    

Beta decay is isobaric transition because only atomic number (Z) changes, mass number (A) 

remains same. Since atomic number is changed, a new element is formed. In beta decay an 

electron or positron (electron with positive charge) is emitted from the nucleus of a 

radioactive atom, along with an unusual particle called an antineutrino or neutrino. Because 

this electron is from the nucleus of the atom it is called beta particle to distinguish it from the 

electrons, which orbits the nucleus. A neutrino or antineutrino has no rest mass and no 

electric charge (Z=0) but it carries away some of the energy from the decay process. It rarely 

interacts with matter and therefore is of no biological significance. Its existence was 

postulated so that law of energy conservation would not be violated. However, its existence 

has now been proven. Like alpha decay, beta decay usually occurs in isotopes which are 

"neutron rich" (i.e. have a lot more neutrons in their nucleus than they do protons). Atoms, 

which undergo beta decay, are located below the line of stable elements on the chart of the 

nuclides, and are typically produced in nuclear reactors and cyclotrons. 
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Gamma (γ) decay: While alpha and beta radiations are particles, gamma radiation is in the 

form of electromagenetic waves. Gamma ray has no mass and no charge, and therefore 

penetration power is maximum. 

After a decay reaction, the nucleus is often in an “excited” state. This means that the decay 

has resulted in producing a nucleus, which still has excess energy to get rid of. Rather than 

emitting another beta or alpha particle, this energy is lost through two processes: an emission 

of high-energy photon, or internal conversion. Decay through these processes is called 

gamma decay or isomeric transition. 

Ex:    

In general, the disintegrations of an unstable 

nucleus is an event so completely unpredictable 

and random that the only thing which can be 

said is that an unstable nucleus will decay 

within a given period of time. For a particular 

isotope, the proportion of nuclei that decay in a 

given time is a constant known as its 

disintegration constant. If the decline in the 

activity of radioactive isotope is plotted against 

time, a typical exponential form is obtained 

(Fig. 15.1). The different radioactive cores 

decay with different speeds, depending on their 

stability. The decay rate is the number of radiation events per time-unit. 

 

The quantity, known as the “radioactive decay rate”, depends on the particular radioactive 

substance. The radioactive decay law is 

 

with N, the number of atoms remaining, in terms of the number of atoms N0 at time 0, and 

time t. 

We define the activity as A(t) = λN(t). For the case of exponential decay, 

 

Fig. 15.1 Radioactive decay. The units of 

time are in half-life 
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Thus activity represents the number of decays per unit time interval. 

From the exponential radioactive decay law we obtain 

 

15.4 DETECTION AND QUANTITATION 

 15.4.1 GM- counter: 

THEORY:  In 1896, Becquerel discovered the phenomenon of radioactivity when he noticed 

that uranium salts were capable of blackening photographic plates, even when separated from 

them by opaque material.  It was found that uranium, and all the heavy elements from Z = 84 

to 92, emit radiations which can blacken a photographic plate, ionize gas, and produce 

scintillations or small flashes of light when they strike a suitable material.  This emission of 

radiation is accompanied by a gradual transmutation of the radioactive element, known as 

radioactive decay, in which the atomic number is decreased, finally reaching Z = 82 (lead). 

Getting this radiation to pass through a magnetic field reveals them to be of three kinds:  

those that deflect one way, those that deflect the opposite way, and those that do not deflect at 

all in the magnetic field.  From the directions of propagation, field, and deflection we see that 

these three kinds are:  alpha particles which have a positive charge (they are Helium nuclei),  

beta particles which have a negative charge (they are electrons), and gamma rays which are 

uncharged (they are electromagnetic 

radiations). 

The Geiger-Mueller counter is a 

device for detecting radiation.  It 

gives relative, not absolute, 

measurements, and records count 

rates, often reported in counts per 

minute (cpm).  The operation of the 

counter is based on the ability of 

nuclear radiation to ionize gas.  The 

 
 

Fig.15.2  Schematic presentation of Geiger-Mueller 

counter 
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sensitive element of the instrument is the Geiger-Mueller tube.  The tube has a thin window 

on one end and is filled with a gas at a pressure of a few centimeters of mercury.  There is a 

fine wire mounted along the tube's axis.  The sequence of events leading to the detection of a 

radioactive particle or quantum is shown in Fig.15.2. 

The process beginning as a particle enters the tube. The window is ultra-thin so as to offer the 

least possible resistance to the entrance of the particle.  However alpha particles are unable to 

penetrate even this thin window and consequently the instrument is insensitive to alpha 

radiation.  The incident particle strikes several gas atoms, knocking loose electrons and 

leaving positive ions.  The electrons migrate toward the positive anode, which is the fine wire 

along the axis of the tube.  As the electrons fly toward the anode, they strike other atoms, 

ionizing them. This process continues like an avalanche, resulting in heavy ionization in the 

region of the anode.  The sudden rush of electrons to the anode gives rise to a small pulse of 

current, or a "count."  The pulse is cut off by an accumulation of electrons or negative ions in 

the region of the anode, where ionization is heaviest, which neutralizes the field of the anode, 

so that no further electrons are attracted.   

The number of counts per minute emitted by the GM tube depends on the applied voltage.  

Below a certain threshold voltage, there will be no counts.  Over a certain range of voltage, 

the number will remain nearly constant as the voltage is varied.  Before using the instrument 

it is necessary to determine this "plateau" and set the voltage in the middle of this range. 

After a discharge takes place in a Geiger-Mueller tube due to an event caused by an incident 

particle, the space charge around the outer cathode region depresses the field at the central 

anode so as to make any further multiplication by collision impossible.  A second particle 

entering the tube at this time will not produce a pulse.  As the space charge moves toward the 

cathode, the field increases again.  It becomes sufficiently large so that a second particle may 

produce a small pulse after a certain time , the dead time, following the passage of the first 

pulse.  If we let:     

   = dead time of the G-M tube in seconds [s] 

 c  = measured number of particles in time interval t 

        n  = measured counting rate [cps]  

then 

       n  = c / t 
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 n  = the fraction of a particle that is missed for each measured particle (n < 1)  

 1 - n  = the fraction of a particle that is actually counted for each measured particle 

 c/(1 - n) = the TRUE number of particles entering the detector in t 

If we let N = the TRUE counting rate (i.e., the counting rate for zero dead time) then, 
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The dead time, , may be determined by employing two strong sources of radiation in the 

following manner: 

  a.  using the left source only gives:     NL = nL / (1 - nL)   

 (2A) 

  b.  using the right source only gives:    NR = nR / (1 - nR)   

 (2B) 

  c.  both sources in their previous positions gives: 

            NL + NR = Nboth = nboth / (1 - nboth) 

 (2C) 

Algebraically solving for the dead time by adding Eqs. (2A) & (2B) and subtracting their sum 

from Eq. (2C) yields  
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which is to be used in the evaluation of the dead time of the Geiger-Mueller tube. 

 

15.4.2 Scintillation counters- solid and liquid scintillation counter: 

Two different systems of detection and counting of radiolabelled compounds based on the 

scintillation technique have been developed: Solid Scintillation Counting (SSC) and Liquid 

Scintillation Counting (LSC) depending on the scintillator material used. 

The most common scintillator materials are normally classified according to their nature. 

First, in SSC, the most used scintillator are crystals of inorganic material such as alkali halide 

crystals, mainly sodium iodide. The high atomic number and density of certain inorganic 

crystals make them suitable for gamma spectrometry with high-detection efficiencies. On the 
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other hand, scintillators used in LSC tend to be either a liquid (organic solvents) or in solid 

form (plastics) and they are preferred for the detection of beta particles and neutrons. 

Physical principles of scintillation technique; Radioactive decay occurs with the emission of 

particles or electromagnetic radiation from an atom due to a change within its nucleus. Forms 

of radioactive emission include alpha particles (α), beta particles (β) and gamma rays (γ). 

Alpha & beta particles directly ionize the atoms with which they interact, adding or removing 

electrons. Gamma-rays cause secondary electron emissions, which then ionize other atoms. 

However, some irradiated atoms are not fully ionized by collision with emitted particles, but 

instead have electrons promoted to an excited state. Excited atoms can return to their ground 

state by releasing energy, in some cases as a photon of light. Such scintillation phenomena 

form the basis of a set of very sensitive radiation detection systems. To a first approximation 

this is a linear conversion of energy into photons and, therefore, the intensity of light in the 

scintillation is proportional to the initial energy deposited in the scintillator by ionizing 

radiation. This light emitted is taken as a measure of the amount of radioactivity in the 

sample. 

Instrumentation: Scintillation counter apparatus A scintillation counter measures ionizing 

radiation. A scintillation counter apparatus consists of a scintillator, a photo-multiplier tube 

(PMT), an amplifier, and a multichannel analyzer. A solid scintillation counter is a radiation 

detector which includes a scintillation crystal to detect radiation and produces light pulses 

while the liquid scintillation counter detect the scintillation produced in the scintillation 

cocktail by radiation.  

The PMT is an electron tube that detects the blue light flashes from the scintillation and 

converts them into a flow of electrons and subsequently measured as an electric pulse. This 

consists of a photocathode (photoelectric emitter) that is connected to the negative terminal of 

a high tension battery. A number of electrodes called dynodes are arranged in the tube at 

increasing positive potential. When a scintillation photon strikes the photocathode of the 

PMT is released a photoelectron. Using a voltage potential, the electrons are attracted and 

strike the nearest dynode with enough energy to release additional electrons. The second-

generation electrons are attracted and strike a second dynode, releasing more electrons. This 

amplification continues through 10 to 12 stages. More electrons are emitted and the chain 

continues, multiplying the effect of the first charged particle. By the time the electrons reach 

the last dynode, enough have been released to send a voltage pulse across the external 
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resistors. The magnitude of the resulting pulse height produced by the PMT is proportional to 

the photon intensity emitted by the scintillator (crystal NaI(Tl) in SSC or “cocktail 

scintillator” in LSC). This voltage pulse is amplified and recorded by a multichannel that 

classifies each voltage pulse. Pulses are collated into channels, and the counts per minute 

(CPM) in each channel is recorded. Each channel corresponds to a specific range of energies 

(channels are also known as counting windows), and counts with energies above or below set 

limits are excluded from a particular channel. When the counts have all been collated, the 

researcher knows the intensity of radiation, expressed as CPM, and its energy distribution, or 

spectrum. CPM is proportional to the amount of isotope in the sample, and the spectrum 

indicates the identity of the isotope. 

 

Mechanism of Solid and Liquid Scintillation Counting: In SSC, the transparent inorganic 

crystal, called scintillator, fluoresces 

when is irradiated by the sample. The 

most commonly used is Thallium-

doped sodium iodide (NaI(Tl)). This 

detector is made of various sizes for 

different types of equipment. With 

this method, involves placing the 

sample containing the radioactivity 

into a glass or plastic container, 

called a scintillation vial that is 

deposited directly onto a solid 

scintillating material, dried, and 

counted in a scintillation counter also 

called Gamma counter. 

Solid scintillation is excellent for γ 

radiation which is highly penetrating and interact with the NaI(Tl) detector by photoelectric, 

Compton and pair production mechanisms result in light or scintillations throughout a large 

crystal. An advantage of these techniques is that the same crystal is used for each sample, 

which enhances reproducibility. NaI(Tl) can be produced in large crystals, yielding good 

efficiency and producing intense bursts of light compared to other spectroscopic scintillators. 

 

Fig. 15.3 Components of Scintillation counter 
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Thus, NaI(Tl) is also suitable for use, making it popular for field applications such as the 

identification of unknown materials. However, because of the poor resolution of NaI-based 

detectors, they are not suitable for the identification of complicated mixtures of gamma ray 

producing materials. 

For α or β radiation counting, however, solid scintillation has severe limitations. The crystal 

must be protected from contamination by the sample, which means that the α and β particles 

must traverse a barrier prior to reaching the scintillator. In particular, α-radiation is severely 

attenuated by even 0.05 mm of aluminium or copper, and so cannot be expected to reach a 

scintillator crystal through even the thinnest shielding. 

By eliminating the combustion steps needed for gas phase analysis, the introduction of liquid 

scintillation counting (LSC) reduced the time required to analyze radioactive samples from 

hours to minutes. For low energy (“soft”) β emitters, LSC offers unmatched convenience and 

sensitivity. LSC detects radioactivity via the same type of light emission events which are 

used in solid scintillation. The key difference is that in LSC the scintillation takes place in a 

solution of scintillator, rather than in a solid crystal. This allows close contact between the 

isotope atoms and the scintillator, which is not possible with solid scintillation. With LSC the 

short path length of soft β emissions is not an obstacle to detection. 

Liquid scintillation cocktails absorb the energy emitted by radioisotopes and re-emit it as 

flashes of light. To accomplish these two actions, absorption and re-emission, cocktails 

contain two basic components, the solvent and the phosphor(s). The solvent carries out the 

bulk of the energy absorption. Dissolved in the solvent, molecules of phosphor convert the 

absorbed energy into light. Many cocktails contain additional materials to extend their range 

of use to different sample compositions, but the solvent and the phosphor provide the 

scintillation of the mixture. 

Advantages and Disadvantages of Scintillation counter: 

In comparison with GM counter, the advantages and disadvantages discussed. The 

advantages are, 

 Soft beta emitters are not satisfactorily detected by GM counter. Thus while only 5% 

efficiency is possible by GM counter, 50% efficiency is quite routine in scintillation 

counter. 
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 Virtually any kind of sample (liquid, solid, suspension, emulsion, gel etc) can be 

accommodated in a scintillation counter and its radioactivity can be determined 

accurately. 

 GM counter cannot differentiate between radiations of different isotopes and so cannot be 

used to measure dual or triple labeled samples. These kind of samples can be measured 

easily in scintillation counter.  

 Since fluorescence decay is very rapid compare to dead time in GM counter, much higher 

rates are possible in scintillation counter. 

 Sample preparation for scintillation counting is generally devoid of complexities and in 

any case easier than required for Geiger counter. 

The disadvantages are, 

 The greatest disadvantage of scintillation counting is quenching. This occurs when the 

energy transfer process, is interfered with at any point. Because of the importance of 

quenching.  

 The cost per sample of scintillation counting is significantly higher than GM counter. 

 The high voltage applied to the photomultiplier gives rise to electronic event in the 

systemwhich is not dependent on radioactivity but which contribute to a high background. 

This effect is known as photomultiplier noise and can be reduced by cooling. 

Quenching: 

Quench is a reduction in system 

efficiency as a result of energy loss in 

the liquid scintillation solution. 

Because of quench, the energy 

spectrum detected from the 

radionuclide appears to shift toward a 

lower energy (Figure 15.4). The three 

major types of quench encountered are 

photon, chemical, and optical quench. 

Photon quenching occurs with the incomplete transfer of beta particle energy to solvent 

 
Fig.15.4 Effect of Quenching on an Energy Spectrum. 
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molecules. Chemical, sometimes called impurity, quenching causes energy losses in the 

transfer from solvent to solute. Optical or color quenching causes the attenuation of photons 

produced in solute. 

Chemical quenching absorbs beta energy before it is converted to photons while color 

quenching results from the passage of photons through the medium. Color quenching 

depends on the color of the interfering chemical and path length that the photon must travel. 

In a chemically quenched sample, all energy radiations appear to be equally affected whereas, 

for a colored sample, events that take place close to one PMT will give rise to a large pulse 

and a smaller pulse in the other PMT. By summation, the pulses are added so the resultant 

pulse height may be as large as from unquenched, only the number of events will be 

significantly reduced. Thus, at equal quench levels, the pulse height of colored samples is 

spread over a wider range than chemical quench samples. 

Counting Efficiency: 

The effectiveness of a scintillation cocktail may be expressed a number of ways, it is most 

often given as the percentage of emission events that produce a detectable pulse of photons, 

referred to as the counting efficiency. In other words, ‘counting efficiency is equal to 

CPM/DPM, the ratio of Counts per Minute (CPM) to Disintegrations per Minute (DPM) 

expressed as a percentage’. Counting efficiency varies for different isotopes, sample 

compositions and scintillation counters. Poor counting efficiency can be caused by an 

extremely low energy to light conversion rate, (scintillation efficiency) which, even 

optimally, will be a small value. Counting efficiency depends upon several factors. Some of 

which depends upon the instrument sensitivity, stability, temperature of counting chamber 

and the volume of fluid in the counting vial. However one major factor is quenching which 

varies with different samples. 

Applications: 

Solid and liquid scintillation techniques are used for the detection of radio labeled isotopes in 

areas as diverse as biomedicine, ecology and industry. Scintillation counting capabilities 

include detection of alpha, beta and gamma emitters, in single, double and triple labelling, 

and also include the detection of these transmitters by counting in continuous flow (HPLC) 

and finally the scintillation proximity Assays (SPA) Detecting and counting alpha emitting 

radionuclides are routine tasks in nuclear energy and environmental monitoring. Liquid 
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scintillation counting of  lpha particles provides high counting efficiency (near 100%). The 

accurate and sensitive measurement of alpha-emitting nuclides is essential in the nuclear fuel 

cycle, process control, radioactive waste management and environmental protection. 

However the energy resolution is quite poor, so they are not very useful for the identification 

of these radionuclides. In detection of beta emitters, LSC is the most important application of 

scintillation counting, with the property that for high-energy beta emitters (89Sr, 90Y, 32P) 

performance may be close to 100%, while for low energy is lower: 50-60% for 3H, 95% for 

14C. However, it is often the technique of choice for these weak beta emitters. LSC is 

extensively used, for in vivo and in vitro biomedicine research. The usefulness of 

radioisotopes in this research stems from their chemical identity with their non-radioactive 

counterparts. This allows their incorporation into “tracers”, radiolabeled components which 

can be followed and detected through a series of reaction steps.  

Some of these studies include from carbohydrate and lipid metabolism assays, enzyme 

activity determination, hormone studies to the amino acid and nucleoside transport studies. 

On the other hand, experimental procedures seek screening of peptide library with 

Radioligand binding assays. Certain genetic and biochemical studies use high energy beta 

emitters as in the case of 
45

Ca, 
32

P and 
22

Na, which are used to quantify the LCS. Other 

applications are radioactivity contaminant detections for environmental monitoring and 

ecology studies such as bacterial or microbial activity. Moreover, some beta-emitting 

isotopes can be analyzed on an LSC without using any cocktail or with only a little water, 

using a technique called Cherenkov counting. Detection of gamma particles is of special 

interest in clinical and basic biomedical research. We noted several studies: Hormone 

determination in blood tests, analytical practice for hormone levels determination by 

radioimmunoanalysis techniques and identification of different radionuclide contaminants in 

soil samples.  

15.5 SPECIFIC ACTIVITY: 

 The specific activity of a radionuclide is the amount of radioactivity, Bq or Ci, per mole of 

the compound. Clearly, as radioactive decay proceeds, the specific activity of any 

radionuclide declines. 

The units can be Ci/gram, milli-curies/milli-mole, CPM/pico-mole. The specific activity of a 

pure isotope is A/N, and is related to the half-life. As discussed previously, the activity A and 

the number of radioactive nuclei N are related by 
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Where,  τ is the half-life of the isotope. Solving for A/N we have 

 

This formula is useful in determining how many radioactive isotopes there are on a specific 

molecule. For example, the specific activity of pure 3H (tritium) is 29 Ci/mmole. If the 

specific activity of your pure biological molecule (i.e. GABA) has a specific activity of 89 

Ci/mmole, then 3 of the H atoms in the molecule are 
3
H. 

One usually does not do assays with pure isotopes, since this would be wasteful. Instead, one 

dilutes the radioactive molecules with non-radioactive ones. Thus, in practice the specific 

activity of the biological molecule used in your experiment is less than the sample from the 

supplier. We refer to this specific activity as the experimental specific activity. For example if 

we add 10 times the amount of non-radioactive GABA to the 89 Ci/mmole GABA, the 

experimental specific activity is reduced to 8.9 Ci/mmole of GABA in the experiment. In this 

case, only one out of 10 GABA molecules is radioactive.  

15.6 CARRIER FREE ISOTOPE 

A sample in which all of the atoms of particular element consist of the radioactive isotope, 

i.e. no stable isotope of that element is present. A stable isotope of the particular element is 

referred to as carrier. The radioisotope is made free from the impurities by washing and then 

treated with acid to give a solution of carrier free isotope. A carrier-free isotope is 

characterized by having no measurable amounts of stable isotopes of the same clement 

present. Carrier-free isotopes are produced by charged particle irradiations, in which the 

atomic number (or the chemical identity) of the crushing radioactive atoms is changed from 

the atomic number of the original target material. With the use of special chemical separation 

techniques, such as ion exchange chromatography or solvent extraction, the minute amount of 

radioactive material can be separated from the macro quantity of target material, purified, and 

prepared as a carrier-free radioisotope. Career free isotopes are commonly used in the 

research in the field of biological sciences, medical and chemistry, because of their high 

specific activity. Carrier-free radioisotopes may be used in many ways. They may be injected 

into animals and humans where the chemical tolerance is low. They may be used for 
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radiochemical studies at extremely low concentrations, (<10 -8 molar). They may be used for 

the preparation of weightless counting standards, eliminating corrections for self-absorption 

and scattering. 

15.7 ISOTOPE DILUTION TECHNIQUES 

Isotope dilution technique is useful when it is impossible to quantitatively separate the given 

substance from a mixture or in case of fluids like blood or lymph to completely drain the 

liquid out in order to measure its volume. The technique involves a) introduction of a 

radioactive isotope of known specific activity into the system, b) isolating a small amount of 

this compound from the system after equilibration has been achieved and c) determining the 

specific activity of the isolated compound. To state a general law, the degree of dilution of 

the tracer depends on the volume diluting the tracer. If the degree of dilution of a tracer that 

occurs after mixing can be determined, the total volume causing dilution can be computed. 

For example, if 1 ml containing 100 units of radioactive tracer is introduced into a beaker 

having 100 ml of water and if 1 ml sample of water is withdrawn from this beaker after 

thorough mixing, only 1 unit of radioactivity would be found in 1 ml of diluted sample. 

Calculation: In the first step a known amount of the compound of interest is labeled using a 

radio isotope. The weight w0 and the specific activity S0 is measured. 

 

 

with  λ being the decay rate of the radio tracer in use and µ being the molecular mass of the 

compound of interest.  

In the next step the labelled compound is added and thoroughly mixed with the sample under 

study. 

Following mixing, the molecule of interest is extracted (with high purity, but not necessarily 

high yield). 

 

 



Unit-15: Specific activity & Isotopes detection techniques 

KSOU, Mysore. M.Sc., BC 1.2; Block-4: Unit-15 Page 229 

 

With the N’0 and N0 being the number of labelled and unlabelled molecules in the sample of 

interest. 

The specific activity Sm is related to the specific activity of the labeled compound by 

 

This allows extracting the relative number of unlabelled and labeled molecules 

 

This ratio can be used to evaluate the unknown weight wu of the unlabelled compound in the 

initial mixture under study 

 

Applications:  

The original applications of isotope dilution were by biochemists interested in complex 

mixtures of organic compounds. In these studies care had to be taken to ensure the stability of 

the labeled compound and its resistance to isotopic exchange reactions.  

 Amino acids: Nitrogen-15–labeled glycine for example, could be used to determine 

glycine in a mixture of amino acids obtained from a protein.  

 Plasma volume: Radioiodine labeled albumin remains in the plasma compartment of the 

blood and the degree of its dilution allows determination of plasma volume. 

 RBC volume. A known amount of radioactive labeled RBCs is introduced in the blood. 

A sample of blood is withdrawn after few minutes to allow for uniform mixing of labeled 

RBCs in the blood. The degree of dilution of this sample, in terms of radioactivity, allows 

computation of total RBC volume.  

 Total exchangeable sodium and potassium. This is determined by using radioactive 

sodium and potassium as tracers. 
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 Total body water. Administration of radioactive water permits the estimation of total 

body water.  

Applications of isotope dilution techniques have also been found in geology, nuclear science, 

and materials science. These applications generally focus on the very high sensitivity 

attainable with these techniques. Isotopes of argon, uranium, lead, thorium, strontium, and 

rubidium have been used in geologic age determinations of minerals and meteorites. 

15.8 AUTORADIOGRAPHY: 

 An autoradiograph is an image on an x-ray film or nuclear emulsion produced by the pattern 

of decay emissions (e.g., beta particles or gamma rays) from a distribution of a radioactive 

substance. Autoradiography is the use of X-ray (or occasionally photographic) film to detect 

radioactive materials. It produces a permanent record of the positions and relative intensities 

of radiolabeled bands in a gel or blot. Typically, biomolecules are labeled with 
32

P or 
35

S, and 

detected by overnight film exposure. 

General Procedure: 

Because water quenches beta particle emissions, optimum sensitivity is obtained using dried 

blots and gels. However, because drying blots permanently fixes the probe onto the 

membrane, if blots are to be stripped and re-probed, do not dry. Wrap in plastic wrap to 

prevent water and radioactivity from contacting the film. Note that 
35

S and 
14

C emit beta 

particles at low energy, and the majority of such particles are unable to penetrate a layer of 

plastic wrap. For 
35

S or 
14

C detection, place the dry gel or blot directly on the film or use 

fluorographic enhancement. Use high quality X-ray film. 

1. Prepare gel or blot. 

2. Wrap wet samples in plastic wrap. 

3. Tape the sample to the inside face of an X-ray cassette, with enhancement screens for 
32

P 

if desired. It is essential to fasten the sample so that it does not move, because it must 

later be aligned with the exposed film. 

4. Along one side, fasten a phosphorescent ruler or other orientation aid (radioactive dots). 

If a marker other than a ruler is used, be sure to include enough markers to 

unambiguously align the developed film to the sample. 
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5. In the dark or under safelight place one piece of X-ray film over the sample. For 
35

S or 

14
C, room temperature exposure is sufficient. For 

32
P, intensifying screens require a 

temperature of -70° C for exposure. 

6. Expose film. Use the tables above as a guide for length of exposure. A good rule of 

thumb is that bands must be detectable on a Geiger counter for overnight exposure to be 

sufficient. 

7. To avoid condensation on the film allow the cassette to return to room temperature before 

opening.  

15.9 SUMMARY: 

 Specific activity of a radionuclide is defined as the amount of radioactivity, Bq or Ci, per 

mole of the compound, is important in studying the radioactive molecules. The formula for 

the calculation has been presented. A carrier-free isotope is characterized by having no 

measurable amounts of stable isotopes of the same clement present and is made free from the 

impurities by washing and then treated with acid to give a solution of carrier free isotope. 

Career free isotopes give a very high specific activity, commonly used in the research in the 

field of biological sciences, medical and chemistry. Some of the radioisotopes measuring 

techniques used in biology and instruments such as GM-counter and scintillation counter, its 

theory, construction and applications as well as drawbacks are studied in detail. If it is 

impossible to quantitatively separate the given substance from a mixture or in case of fluids 

like blood or lymph to completely drain the liquid out in order to measure its volume, isotope 

dilution technique is used. This technique can be applied in geology, nuclear science, and 

materials science also. Autoradiography, a technique used to record the radio-imaging 

permanently, is also discussed in detail here. 

15.10 KEYWORDS 

Isobars: Atoms having same mass number but are having different atomic number. 

Radioactive decay: The emission of radiation is known as radioactive decay. 

Autoradiography: It is a technique, in which image on an x-ray film or nuclear emulsion 

produced by the pattern of decay emissions from a distribution of a radioactive substance. 
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Scintillation counter: Instrument used in detection and counting of radiolabelled compounds 

based on the scintillation technique. 

15.11 QUESTIONS FOR SELF STUDY 

1. Half-life of 
14

C is 5700 years. Can you calculate the fraction of 
14

C atom that decays, per 

year and per minute? 

2. Historical specimens can be dated with the help of radioactivity. Why do historians prefer 

14
C dating? 

3. How isotopic tracers are employed in cancer? 

4. Scintillation counting is based upon a phenomenon called phosphorescence. How is this 

different from fluorescence? 

5. Between Geiger counter and scintillation counter, which is most advantageous? How? 
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BLOCK – IV: Tracer techniques 

UNIT 16:   
 

Synthesis of isotopically labelled glucose (Glucose 1-14C, and uniformly 

labelled glucose) acetate (1-14C and 2-14C) Leucine, ATP (α-32P). 

Determination of position of labelling,, Safety measures in Radiobiology 

laboratory. 
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16.2.1.  Synthesis of Glucose 1-
14

C 

16.2.2. Synthesis of uniformly labeled glucose (by Barkers process): 

16.3. Synthesis of isotopically labeled Leucine 

16. 4. Synthesis of isotopically labeled ATP (α -
32

P) 

16. 5.   Determination of position of labelling 

16.6  Safety measures in Radiobiology laboratory 

16.7 Summary 

16.8 Keywords   
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16.0 OBJECTIVES 

After studying this unit you will be able to understand, 

 Detail procedure of the synthesis of sugars, amino acid, and ATP labelled at different 

positions 

 Method for the determination of position of labelling 

 Safety measure when handling radioactive materials 

 

16.1 INTRODUCTION 

Isotopic labeling is used to monitor the fate of a molecule or a fragment thereof through the 

use of detection methods that specifically distinguish the isotope used against a natural 

abundance background. There are many applications for the specific labeling of molecules 

with radioactive or stable isotopes. The technique can be used to prepare substrates for the 

study of reaction mechanism, in either an artificial or a biological medium. It can also be used 

to trace the movement of a molecule, or its degradation or metabolic product, in vivo, in 

vitro, or in the environment. In the medical field, a variety of imaging techniques have been 

developed that rely on materials labeled with radioactive isotopes. The use of radiolabeled 

compounds is also of critical importance in the drug development process for use as 

radioligands in lead discovery, as metabolic tracers in development, and in phase IV clinical 

studies. They play a similar role in the compound development process for crop protection 

chemicals, being used in metabolic investigations and environmental fate studies. In this unit, 

Isotopic labeling of some biological important molecule is discussed, 

16.2 SYNTHESIS OF ISOTOPICALLY LABELLED GLUCOSE (Glucose 1-
14

C, and 

uniformly labelled glucose) 

16.2.1. Synthesis of Glucose 1-
14

C: 

Ten milliliters of a solution containing 2 millimoles of 
14

C-labeled sodium cyanide (4.74 µc) 

and 2 millimoles of sodium hydroxide was placed in a glass-stoppered tube and frozen by use 

of dry ice. Then 2 millimoles of D-arabinose dissolved in 10 ml of 0.2 M sodium bicarbonate 

was added. The tube was loosely stoppered and shaken gently until the ice melted, allowed to 

stand at room temperature for 48 hours, and finally heated overnight at 60° C in a current of 

air. The residue was taken up in water and the solution was passed over a column (1.2 X 20 

cm) of cation exchange resin. The resulting solution was evaporated to a convenient volume, 
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and barium hydroxide solution was added in sufficient amount to give a permanent pink color 

with phenolphthalein. Excess barium hydroxide was removed by carbonation and filtration. 

The solution was concentrated to about 1 ml, treated with methanol to the point of incipient 

turbidity, and seeded with barium gluconate trihydrate. 

After several days the crystalline barium salt was separated from the mother liquor and 

washed with aqueous methanol. The first crop of barium gluconate trihydrate (0.2676 g) 

contained 2.26 µC. Methanol was removed from the mother liquor of the first crop by 

evaporation in an air current, 0.5 g of carrier barium gluconate trihydrate was dissolved in the 

solution, and methanol was again added. A crop of barium gluconate weighing 0.5491 g and 

containing 0.78 µC of carbon-14 was later separated.  

The mother liquor from the preparation of barium gluconate was passed over a column (1.4 X 

30 cm) of cation exchange resin, and the effluent was evaporated substantially to dryness 

under reduced pressure. The residual sirup was diluted with 2 drops of methanol followed by 

0.5 ml of isopropanol. Crystallization of glucono-1-lactone, induced by seeding, was allowed 

to proceed for about 1 week in a glass stoppered flask. The resulting crystalline glucono-1-

lactone was separated, washed with isopropanol and dried.  

In the next step, D-Glucono-1-lactone-l-
14

C was reduced by sodium amalgam and D-

Glucose-1-
14

C is separated. D-Glucose-1-
14

C was prepared from the crops of barium 

gluconate obtained from the various cyanohydrins syntheses. In each case, the salt was 

converted to the D-glucono-5-lactone. The crude lactone was reduced, and the sugar glucose-

1-
14

C was separated by appropriate method.  

 

In a nut-shell, 

D-arabinose + Na
14

CN + Na2CO3 

 

Barium -D-gluconate-1-
14

C + D-mannono-7-lactone-l-
14

C 

 

 

 

D-Glucono-5-lactone-l-
14

C                                 D-glucose-l-
14

C 

 

16.2.2 . Synthesis of uniformly labeled glucose (by Barkers process): 
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Radioactive starch, glucose, fructose, and sucrose can be isolated from green leaves in good 

yields after they have been exposed to an atmosphere of radioactive carbon dioxide in the 

presence of light. At the end of the photosynthetic period, the leaf or leaves are extracted with 

dilute alcohol. 

The alcohol-insoluble fraction contains the starch which can be isolated. Hydrolysis of the 

starch with acid produces glucose which can be obtained in crystalline form. The alcohol 

extract contains glucose, fructose, and sucrose. In order to increase the yield of the 

monosaccharides, the sucrose is hydrolyzed with acid, thus producing additional glucose and 

fructose. The separation of fructose from glucose is accomplished by precipitating the former 

with calcium hydroxide. The calcium complex is then decomposed and the fructose liberated. 

Sucrose is separated from the alcoholic extract.  

Detailed procedure: 

Firstly, several lots of radioactive starch were prepared by the following method. A Turkish 

tobacco leaf was harvested in the morning and allowed to remain in the dark for 24 hours to 

exhaust the starch. The leaf was then placed in the photosynthetic chamber in an atmosphere 

of radioactive carbon dioxide, as previously described, and illuminated for 24 hours. At the 

conclusion of the photosynthetic period and after the chamber had been swept out with 

carbon dioxide-free air, the leaf was killed by immersion in boiling 80 per cent alcohol. It 

was then cut into small pieces and placed in a Soxhlet extraction thimble. The alcohol used in 

killing the leaf was transferred to a boiling flask and starch is extracted by using suitable 

extraction method. And from this extracted radio-labeled starch, uniformly labeled glucose is 

extracted. 

The radioactive starch was hydrolyzed to glucose by dissolving it in sufficient water to make 

a 0.2 per cent solution, at the same time adding an amount of inactive glucose carrier 

necessary to provide enough material to crystallize conveniently (0.3 gm. was usually added). 

An equal volume of 2N sulfuric acid was added to this solution and the mixture refluxed for 

30 minutes on a hot-p1ate. After cooling, the theoretical amount of powdered barium 

carbonate needed to neutralize the acid was added and the precipitate centrifuged off and 

washed. The supernatant liquid and the washings were then passed through ion exchange 

columns, C-3 and A-3, having 25 ml bed volumes. Each column was washed with 100 ml of 

water. The demineralized solution, about 300 ml was concentrated to a small volume in 

vaccum at 50 
o
C, transferred to a 25 ml. beaker, and taken to a thick sirup in the vacuum oven 



Unit-16: Synthesis of isotopically labelled macromolecules, safery measures. 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-4: Unit-16 Page 237 

 

at 50
 o

C. The sirup was warmed on the steam bath and approximately 4 volumes of hot 

absolute alcohol were stirred in. To the resultant viscous mass 50 mg. of finely powdered 

crystalline glucose was stirred in and the beaker was allowed to cool in a desiccator. 

Crystallization of the glucose was complete within 24 hours. The crystals were transferred to 

a sintered glass funnel with cold absolute alcohol, sucked dry, washed with ether, and placed 

in the vacuum oven at 50
 o

C. After 24 hour the sugar was ground in a mortar, weighed, and 

assayed for radioactivity. 

16.3 SYNTHESIS OF ISOTOPICALLY LABELED LEUCINE 

The synthesis of a leucine labeled with carbon-14 in various positions was undertaken for a 

series of biological studies. By carbonation of the corresponding alkyl Grignard, two 

carboxyl-labeled acids were prepared: sodium isovalerate-1-
14

C (96% yields) and sodium 

isocaproate-1-
14

C (95% yields). Sodium isocaproate-2-
14

C was prepared from iso-valeric-1-

14
C acid via the alcohol, bromide and nitrile by a method that involved a novel approach to 

the problem of preparing pure alcohols and halides in good yields on a small scale.  

The acetyl ester was prepared in high yields ( > 95%) by the direct reaction of sodium salt of 

the acid and acetyl bromide. This product could then be reduced over copper chromite to give 

a mixture of the two alcohols. The large differences in the boiling point of these two 

compounds made possible the easy isolation of the low-boiling component in excellent yields 

in a relatively pure state.  

Even though preparation of the alcohol is possible in a one-step process in excellent yields by 

lithium aluminium hydride reduction of the acid, the product is often difficult to separate 

from traces of in-active organic impurities derived from the solvents employed in the 

reaction. The absence of any organic solvent in the esterification and reduction of the 

isovalerate eliminated the problem of contamination of the alcohol.  

The conversion of the isoamyl bromide to the isocaproic acid was first attempted by 

formation of the Grignard of the halide, followed by carbonation at -25
o
C. The yields, 

however, were very low (about 40%) so the method via the nitrile which gave yields of 55-

65% was used. By bromination and amination of the corresponding labeled iso-caproic acid, 

DL-leucine-1-
14

C and DL-leucine-2-
14

C were prepared.  

The radio purity of the amino acids was established by two dimensional paper 

chromatography using a butanol-propionic acid-water mixture in one direction and phenol-
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water in the other. Radioautographs of the paper chromatogram showed only one radioactive 

spot and when the paper itself was sprayed with ninhydrin, only one amino acid spot was 

observed. The identity of the acids was checked by equivalent weight determinations, and 

their radio purity established by one-dimensional paper chromatograms in water - ammonia-

propanol solutions.  

Procedure: First, Leucine-2-
14

C was prepared by the procedure described below, 

Bromination of Sodium iso-caproate-2-
14

C: Sodium iso-caproate-2-
14

C was placed in a Pyrex 

tube which was connected to a spiral trap. The salt and equipment was then dried by pumping 

a vacuum of about 10 microns on the system for an hour. The system was then disconnected 

from the vacuum line and the trap immersed in a cooling bath at -20°C. Dry HCl was then 

passed slowly over the sodium isocaproate which was heated. The isocaproic acid thus 

formed was condensed in the spiral trap. At the completion of this reaction the trap was 

reconnected to the vacuum line, and the other end of the trap was connected to a bromination 

vessel. The trap and the vessel were cooled with liquid air, evacuated and the stop-cock 

connecting them to the vacuum line closed. Then the free acid was distilled into the 

bromination vessel by heating the trap to 90-95°C.  

Inactive isocaproic acid, generated in the same manner from 0.375 g. sodium isocaproate and 

0.2 ml phosphorus tribromide was added. After standing overnight 0.04 g. red phosphorus 

and 0.02 g. iodine were added and the condenser fitted with a protecting Drierite tube 

connected to the vessel. Dry Ice was added to the condenser and the bromination flask heated 

on a steam bath for 30 minutes during which 2.3 ml bromine was added drop-wise.  

The bromination flask was then cooled in liquid air and the condenser warmed with hot 

water. After everything had distilled into the bromination flask, 5 ml of water was added to 

the vessel and the mixture slowly warmed to room temperature. Five more ml, water was 

added and the vessel was air swept for four hours to remove bromine. The product was then 

extracted with methylene chloride and the resulting solution pressure filtered; this was 

repeated several times to give a total volume of solution of about 25 ml.  

Amination of the α-Bromoisocaproic acid-2-
14

C: 

 The clean methylene chloride solution was transferred to an ignition tube and evaporated to 

dryness on the steam bath; the last traces of solvent were removed by use of the water pump 

at room temperature. Then 10 ml of liquid NH3 were condensed in the tube, the tube sealed 
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and left at room temperature for 40 hours. The tube was then chilled, opened, and the excess 

NH3 evaporated off.  

The residue was dissolved in 6N hydrochloric acid and evaporated to dryness. The residue 

was dissolved in 95% ethanol, filtered and ethylene oxide passed through the solution for 20 

minutes. The precipitate was recrystallized three times from water, using a decolorizing 

charcoal the first two times. Total yield 52% based on isocaproic acid or 20.3% based on 

barium carbonate used.  

At the final step, DL-Leucine-1-
14

C was prepared by the procedure just described sodium iso-

caproate-1-
14

C was converted to DL-leucine-1-
14

C. The yield was 42% based on isocaproate 

used or 40% based on starting barium carbonate. 

16.4 SYNTHESIS OF ISOTOPICALLY LABELED ATP (α -
32

P) 

About 30 - 50 p moles of 2',3'-O-Isopropylidine adenosine is weighed into a small reaction 

flask prepared from a B10 Quickfit test tube (10 cm long) with a small bulb blown in the end. 

The required volume of 10 mM H3PO4 (stored at -15°C) is added followed by the 
32

Pi in 

dilute HCl. A few drops of triethylamine are added to neutralize the HC1 and the neck of the 

flask is rinsed down with about 0.5 ml of ethanol. The flask contents are taken to dryness on a 

rotary evaporator and further dried by the evaporation of two 0.5 ml lots of acetonitrile. 

To the flask is added 200 µl of dimethyl sulphoxide, 1 µl of triethylamine and 1 µl of 

trichloroacetonitrile and the stoppered flask is well shaken to dissolve the contents. After 

incubation for 30 to a maximum of 40 minutes at 37
0
C, a few drops of ethanol are added to 

the pale yellow reaction mixture and all volatile material removed on the rotary evaporator 

(the dimethyl sulphoxide remains). 

While the rotary evaporation is taking place, the following kinase reaction mix is prepared. 

To 0.6 ml of a solution of 20 mM KC1, 10 mM magnesium acetate, 50 mM Tris-Cl, pH 8.0, 

is added 25 pl of 0.1 M potassium phosphoenolpyruvate, 1 pl of 1.0 mM ATP, 1 pl 2-

mercaptoethanol, pyruvate kinase (10 mg/ml) and myokinase (5 mg/ml). This mixture is then 

added rapidly to the reaction flask which is incubated at 37
0
C. After 15 - 20 min, a small 

sample is removed, diluted with water and analysed by thin-layer chromatography on a 1.5 x 

5 cm strip of PEI-cellulose using 0.5 M NH4HCO3 as solvent. Markers of AMP and ATP are 

dried onto the origin prior to application of the sample. After running for about 5 min, the 

thin-layer is dried, the markers located under ultra-violet light and the regions corresponding 
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to ATP, ADP and AMP (plus the region in front of AMP so as to include Pi) are cut out and 

counted. 

Provided the kinase reaction is proceeding satisfactorily as indicated by the conversion of 

AMP to ATP, the reaction mixture is diluted with 4 ml of water (usually after a total 

incubation time of 30 - 40 min) and run onto a 0.85 x 3.0 cm column of DEAE-cellulose 

(HCO3
-
).  The column is washed with 20 ml 0.07 M NH4HCO3 to elute 

32
Pi, [

32
P]AMP and α-

[ 
32

P]ADP and then the α -[
32

P]ATP is eluted with 10 ml 0.25 M NH4HCO3 into a 50 ml 

Quickfit flask with a medium length neck. After the addition of 1.5 ml triethylamine and 3 ml 

ethanol, a few drops of ethanol, 0.8 ml 0.1 N HCl is added and the stoppered flask heated in a 

boiling water bath for 5 min to hydrolyse the isopropylidene group. The HCl is then 

neutralized by the addition of several drops of triethylamine and the water removed on the 

rotary evaporator (the dimethyl sulphoxide remains). A few drops of ethanol are added and 

evaporated to ensure complete removal of excess triethylamine. The α -[
32

P]ATP is dissolved 

in 1.5 ml 0.1 mM EDTA, pH 7, and stored at -15°C. 

16.5 DETERMINATION OF POSITION OF LABELLING 

Stable isotope labeling involves the use of non-radioactive isotopes that can act as a tracers 

used to model several chemical and biochemical systems. The chosen isotope can act as a 

label on that compound that can be identified through nuclear magnetic resonance (NMR). 

The primary methods, nuclear magnetic resonance (NMR), have been developed for 

measuring mass isotopomers in stable isotope labeling. 

Proton NMR was the first technique used for 
13

C-labeling experiments. Using this method, 

each single protonated carbon position inside a particular metabolite pool can be observed 

separately from the other positions.
 
This allows the percentage of isotopomers labeled at that 

specific position to be known. The limit to proton NMR is that if there are n carbon atoms in 

a metabolite, there can only be at most n different positional enrichment values, which is only 

a small fraction of the total isotopomer information. Although the use of proton NMR 

labeling is limiting, pure proton NMR experiments are much easier to evaluate than 

experiments with more isotopomer information. 

In addition to Proton NMR, using 
13

C NMR techniques will allow a more detailed view of the 

distribution of the isotopomers. A labeled carbon atom will produce different hyperfine 

splitting signals depending on the labeling state of its direct neighbors in the molecule.
 
A 



Unit-16: Synthesis of isotopically labelled macromolecules, safery measures. 

 

KSOU, Mysore. M.Sc., BC 1.2; Block-4: Unit-16 Page 241 

 

singlet peak emerges if the neighboring carbon atoms are not labeled. A doublet peak 

emerges if only one neighboring carbon atom is labeled. The size of the doublet split depends 

on the functional group of the neighboring carbon atom. If two neighboring carbon atoms are 

labeled, a doublet of doublets may degenerate into a triplet if the doublet splittings are equal. 

13
C-NMR in isotopic labeling studies: Although only about 1 out of 100 carbon atoms in a 

naturally occurring organic molecule is the 
13

C isotope, chemists are often able to synthesize 

molecules that are artificially enriched in 
13

C at specific carbon positions, sometimes to the 

point where the 
13

C isotope is 

incorporated at a given position in 

over half of the molecules in the 

sample. This can be very useful, 

especially in biochemical studies, 

because it allows us to 'label' one or 

more carbons in a small precursor 

molecule and then trace the 

presence of the 
13

C label through a 

metabolic pathway all the way to a 

larger biomolecule product.  For 

example, scientists were able to 

grow bacteria in a medium in which the only source of carbon was acetate enriched in 
13

C at 

the C1 (carbonyl) position. When they isolated a large molecule called amino-bacterio-

hopanetriol (very similar in structure to cholesterol) from these bacteria and looked at its 
13

C-

NMR spectrum, they observed that the 
13

C label from acetate had been incorporated at eight 

specific positions. They knew this because the 
13

C-NMR signals for these carbons were much 

stronger compared to the same signals in a control (unlabeled) molecule. 

This result was very surprising - the scientists had expected a completely different pattern of 

13
C incorporation based on what they believed to be the metabolic pathway involved. This 

unexpected result led eventually to the discovery that bacteria synthesize these types of 

molecules in a very different way than yeasts, plants, and animals.  The newly discovered 

bacterial metabolic pathway is currently a key target for the development of new antibiotic 

and antimalaria drugs. 

The basics of 
13

C-NMR spectroscopy 

 

Fig. 16.1 Observed and expected 
13

 C- labelling 
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The magnetic moment of a 
13

C nucleus is much weaker than that of a proton, meaning that 

NMR signals from 
13

C nuclei are inherently much weaker than proton signals.  This 

combined with the low natural abundance of 
13

C, means that it is much more difficult to 

observe carbon signals: more sample is required, and often the data from hundreds of scans 

must be averaged in order to bring the signal-to-noise ratio down to acceptable levels. Unlike 

1
H-NMR signals, the area under a 

13
C-NMR signal cannot be used to determine the number 

of carbons to which it corresponds.  This is because the signals for some types of carbons are 

inherently weaker than for other types – peaks corresponding to carbonyl carbons, for 

example, are much smaller than those for methyl or methylene (CH2) peaks. Peak integration 

is generally not useful in 
13

C-NMR spectroscopy, except when investigating molecules that 

have been enriched with 
13

C isotope 

16.6 SAFETY MEASURES IN RADIOBIOLOGY LABORATORY 

Any use of radionuclides is fraught with the danger of inadvertently exposing an individual to 

radiation and therefore to its attendant hazards. The danger can be of two types: a) hazard 

from external radiation sources and, b) hazard from internal contamination (such as 

inhalation or ingestion). This is especially true in the nuclear medicine laboratory where large 

amounts of unsealed radioactive sources are routinely handled and there is the possibility of 

exposure and contamination to the user (technician, scientists, physicist, or physician) and to 

the environment.  

Reducing exposure from external sources  

Hazard from external radiation sources is measured in terms of exposure. Exposure is a 

measure of the ability of radiation to produce ionization in air. The unit of exposure is 

roentgen (R), that level of radiation which produces ionization in air in the amount of 

2.58x10
-4 

coulomb/kg of air. If the exposure is known at a given point, one can calculate the 

absorbed dose to a person at that point by multiplying the exposure by a term known as ‘f’ 

factor. For muscles and soft tissue, f factor is close to unity. Therefore, for purposes in 

nuclear medicine, we may assume that exposure is more or less equivalent to the absorbed 

dose.  

The principle of reducing exposure from external radiation sources (X- and γ-ray emitting 

radionuclides only) can be summed up in three words: time, distance and shielding. Less time 
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should be spent while keeping as much distance as possible and using an appropriate 

shielding from the radiation source. 

Avoiding internal contamination  

Internal contamination by a radionuclide is possible by three routes: penetration through skin, 

ingestion and inhalation. To avoid ingestion or penetration through the skin, the following 

steps should be taken:  

1. Wear overalls or a laboratory coat and disposable gloves each time handling a radioactive 

material. It should be remembered that the gloves once used to handle radioactive material, 

become contaminated.  

2. Do not eat, drink, or smoke in the radionuclide laboratory or pipette radioactive solutions 

by mouth.  

3. Keep the area neat in which radionuclides are handled. Use a tray with absorbent liners on 

the bench to limit the spread of radioactive material in case of an accident while working with 

unsealed radioactive sources.  

4. Contamination by inhalation does not pose a great problem in nuclear medicine except in a 

few cases where radioactive gases are used or large amounts of radioiodine are handled. 

Inhalation of radioactive fume is possible during iodination of proteins and peptides. So use 

designated fume hood with laminar flow chambers.  

5. Because the bed sheet, pillows, and stretchers used when scanning patients may be 

contaminated as a result of a patient's saliva, blood, or urine, one should be beware of this 

route of personal contamination.  

16.7 SUMMARY:  

In this Unit we have studied the detailed procedure for the synthesis of biologically important 

radiolabelled molecules. The single position labelled sugars were synthesized by chemically 

were as uniformly labelled glucose was synthesized by photosynthetic method. The syntheses 

of other biochemical molecules labelled at certain positions were studied. The detailed 

procedure is discussed. The labelled molecule is positioned at certain position. This can be 

studied by proton NMR or 
13

C-NMR, which is discussed in detailed. Since the radiolabelled 

molecules are hazardous in nature and their negligence may lead to severe health 
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complications. So guidelines have been issued by regulatory authorities regarding the use of 

radio-isotopes. Some of the safety measures have been outlined in this Unit. 

 

16.8 KEY WORDS 

Radio-hazard: danger posed by the radioactive substances 

Uniformly 
14

C labelled glucose: Radio-labelled carbon is present in all positions of glucose. 

Roentgen (R): it is a unit of exposure, defined as the level of radiation which produces 

ionization in air in the amount of 2.58x10
-4 

coulomb/kg of air. 

16.9 QUESTIONS FOR SELF STUDY 

1. How isotopically labelled glucose is used in the studies of metabolic reactions? 

2. Discuss the use of isotopically labelled ATP in molecular biology? 

3. Suppose you are working in a radio-lab with 
32

P labelled isotope, how do you protect 

yourself from the exposure of this molecule? 
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